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ESSENTIAL IDEAS
■ Materials science involves understanding the properties of a material, and then applying 

those properties to desired structures.
■ Metals can be extracted from their ores and alloyed for desired characteristics. ICP-MS/

OES spectroscopy ionizes metals and uses mass and emission spectra for analysis.
■ Catalysts work by providing an alternative reaction pathway for the reaction. Catalysts 

always increase the rate of the reaction and are left unchanged at the end of the 
reaction.

■ Liquid crystals are fluids that have physical properties which are dependent on molecular 
orientation relative to some fixed axis in the material.

■ Polymers are made up of repeating monomer units which can be manipulated in various 
ways to give structures with desired properties.

■ Chemical techniques position atoms in molecules using chemical reactions whilst 
physical techniques allow atoms/molecules to be manipulated and positioned to specific 
requirements.

■ Although materials science generates many useful new products, there are challenges 
associated with recycling of, and high levels of toxicity of, some of, these materials.

Additional higher level (AHL)
■ Superconductivity is zero electrical resistance and expulsion of magnetic fields. X-ray 

crystallography can be used to analyse structures.
■ Condensation polymers are formed by the loss of small molecules as functional groups 

from monomers join.
■ Toxicity and carcinogenic properties of heavy metals are the result of their ability to 

form coordinated compounds, have various oxidation states and act as catalysts in the 
human body.

22.1 Materials science introduction – materials science 
involves understanding the properties of a material, and then applying those properties 
to desired structures

■■ Introduction
History has characterized civilizations by the materials they used: Stone Age, Bronze Age, 
Iron Age and now the Plastics or Polymer Age and perhaps later the Nano-materials Age. The 
use of materials, especially alloys, was developed based on observations and measurement of 
their chemical and physical properties before a physical and chemical explanation had been 
hypothesized. Knowledge of chemical bonding and chemical structures is used to prepare new 
useful materials or to modify the properties of currently used materials. Materials science is the 
scientific study of the structure and properties of materials (substances).

Nature of Science  Classification and uses of materials

From the start of human existence, materials have been fundamental to the development 
of civilization. Anthropologists define the historical eras based on the materials used by the 
different civilizations, for example the Stone, Copper, Bronze and Iron Ages. The different rates 
of progression towards more sophisticated materials between cultural groups is connected with 
different levels of innovation and the local availability of those materials, and led to different 
standards of living.

Early lack of exchange of technological information resulted in significant differences in 
advancement between cultures at any one time. For example, in 1500 bce people in Asia Minor 
(Turkey) were already experimenting with iron, whereas in Mesopotamia (Iraq) they were still 
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in the Bronze Age. The Europeans, Palestinians and Egyptians were in the Copper and early 
Bronze Age; the Chinese had melted iron and were advanced in the development of Bronze 
while in North Africa there was still evidence of the late Stone Age. 

Metallurgy, defined as the science and art of processing and adapting metals, has been 
around for approximately 6000 years from when early man recovered and used metals through 
observation and deduction. Metals, glass and many other materials, such as porcelain and 
rubber, were used for different purposes before the development of a scientific understanding of 
their properties (based on chemical bonding theory and experimental evidence such as X-ray 
crystallography).

Understanding of how materials behave like they do and why they differ in properties was 
possible only with the understanding allowed by quantum mechanics, which first explained 
the electronic properties of atoms and then solids starting in the 1930s. The combination of 
physics, chemistry, and the focus on the relationship between the properties of a material and 
its microstructure is a branch of science known as materials science. The development of this 
science allowed the design of materials and provided a knowledge base for the engineering 
applications (materials engineering).

■■ Classification of materials based on bonding and structure
There are a number of ways of classifying materials. One approach is to classify them into four 
groups on the basis of their bonding and structure.

Crystalline materials have their particles (atoms, ions or molecules) arranged into a lattice 
(Chapter 4) a regular repeating arrangement of particles. The type of lattice can be determined 
using X-ray crystallography (see section 22.8). The majority of solids, including metals and their 
alloys as well as ceramics, are crystalline. A few plastics have some degree of crystallinity, for 
example high-density polythene (up to 70 per cent).

Amorphous (disordered) materials have their particles randomly arranged; there is little 
order or symmetry. Glass is a familiar example of an amorphous material. Some plastics are also 
amorphous or have amorphous regions, for example, low-density polyethene. However, high-
density polyethene has a high degree of crystallinity making it stronger and less easily deformed 
by heat (compared with low-density polyethene).

Semi-crystalline materials have crystalline and amorphous regions. This is typical of many 
polymers because the semi-crystalline structure gives a good balance of stiffness and toughness. 
Metals and ceramics are polycrystalline, meaning they are made up of a large number of small 
crystals. Liquid crystals (see section 22.4) are another well-studied group of materials.

A composite material is one that is composed of two or more different materials bonded 
together, with one serving as the supporting matrix surrounding particles or fibres of the other. 
Well-known composites include concrete, foams, fibre-reinforced plastics and laminates. Cellular 
materials consist of stacks of hollow cells. Wood is a good example of a cellular material and is 
also a composite material.

One approach to material classification is on the basis of their bonding and structure as well 
as their properties.

Metals
Metals are generally stiff, hard, strong and shiny (Figure 22.1) (when polished). They change 
shape without breaking (ductile and malleable) and are strong in tension (stretching) and 
compression (squeezing). They are excellent thermal and electrical conductors. The more active 
metals undergo oxidation with oxygen in the air and corrosion by water and acids.

These properties arise from metallic bonding (Chapter 4) and the crystalline structure of 
metals. Metallic bonds are non-directional, in contrast to covalent bonds that are directional. 
Metals in bulk are strong in tension and compression because metallic bonding is strong. Metals 
are giant structures in which the delocalized valence electrons are free to move and conduct 
heat and form an electric current (when a voltage is applied). 

Metals can deform and change shape without breaking because the metallic bond allows 
layers of cations to slip over one another when the metal is under stress (due to the application 

■■ Figure 22.1 Liquid 

mercury
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of a force). Pure metals are made stronger by alloying (Chapter 4) and by 
heat treatment, but as they become stronger their ductility is reduced. 

Metal objects are formed by casting. Hot metal is allowed to cool 
down in a cast. As it cools, small nuclei of the solid appear in the liquid 
and as cooling continues small crystals are formed. The crystals grow 
and meet to form a solid mass of small crystals, a polycrystalline solid. 
These crystals are called grains (Figure 22.2).

1 Find out about the discovery of dislocations in metals by the transmission 
electron microscope. Find out about their importance in explaining the 
ductility of metals.

■■ Figure 22.3  

A porcelain cup and 

saucer

■■ Figure 22.2 Arrangement of metal grains

metal grain

grain boundary

2 Find out why 
glasses are 
described as super-
cooled liquids. Find 
out what structural 
changes occur at 
the glass transition 
temperature.

Ceramics
Ceramics (Figure 22.3) are a group of materials that are very hard and brittle. They are strong in 
compression but weak in tension. This means it is very hard to change their shape, but they are 
easily snapped. They are electrical and thermal insulators and have very high melting points. 
They are chemically unreactive and do not react with oxygen, water or acids.

Ceramics are crystalline compounds of metallic and non-metallic elements (usually silicon 
and oxygen). In most ceramics, the atoms which form the framework (lattice) are linked by 
covalent bonds. The structure of ceramics often includes metal cations that are linked to the 
framework by ionic bonding.

The structure of a ceramic is therefore more rigid and less flexible than that of a metal. 
The structure makes ceramics harder than metals and also more brittle. Ceramics have lower 
densities and higher melting points than many metals. Ceramics do not contain delocalized 
electrons and hence are poor electrical and thermal conductors.

Water may be absorbed in the pores of ceramics, and if the water freezes and expands, 
damage will occur. The low thermal conductivity of ceramics can result in large thermal 
differences being set up, causing stress.

Glasses
Glasses are a subset of ceramics, but have lower melting points than other 
ceramics. They are generally transparent and allow light to pass through. The 
structure of most glasses is a covalently bonded framework of silicate tetrahedra 
with metal cations linked by ionic bonding. 

Glass is transparent (Figure 22.4) because it is non-crystalline (amorphous), so 
light rays can pass through without meeting any reflecting surfaces. Glass is a strong 
material and can withstand mechanical loading because the covalent bonding is 
strong. However, glass is brittle because of the rigid nature of the covalent bonds and 
amorphous structure and hence it shatters easily. Glasses are impermeable to water.

Plastics
Plastics are usually strong with a low density and usually soft, flexible and not very elastic 
(unless they are elastomers). Many of them soften easily when heated and melt or burn. They are 
thermal and electrical insulators because they lack delocalized electrons. 

Plastics are long chain polymers and the bonding is covalent. Many plastics are resistant to 
chemical attack but may be damaged by exposure to ultraviolet radiation (sunlight). Many plastics 
burn easily, often releasing toxic fumes (see section 22.7). They are usually impermeable to water.

In thermosoftening plastics, the intermolecular forces between adjacent chains are weak 
London (dispersion) forces, though collectively they can be significant. In thermosetting 
plastics, covalent bonds form strong cross-links between chains (see section 22.5).

Composite materials
Composite materials are heterogeneous mixtures. In a composite material, the properties of the 
components combine to give a material which is more useful for a particular purpose than the 
individual components.

■■ Figure 22.4 A glass floor
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Composites consist of a matrix phase with fibres or rods or particles of another material 
(reinforcing phase). Examples of composites are reinforced concrete, carbon fibres and glass fibre-
reinforced polyester. A very early example of a composite made of natural materials was straw 
and clay used to make huts.

Bullet-proof vests have the ability to absorb and disperse (spread out) the kinetic energy of a bullet. 
This requires a material which consists of a polymer resin reinforced with fibres of a high molar mass 
polyethene. The fibres are stretched only slightly when the stress is very high. The structure consists 
of layers of aligned fibres. The direction of the fibres is rotated through 90 degrees in alternate layers. 
With a number of alternate layers a rigid armour that can be used for vehicles and riot shields is 
obtained. For a ballistic vest worn by riot police, greater flexibility is required and this is achieved by 
sandwiching alternate layers of fibre-reinforced resin between films of low-density polyethene.

■■ Classification of materials based on properties and uses
The choice of a material for a particular purpose depends on the conditions under which the 
product is used, for example whether it needs to be soft and whether it needs to be corrosion 
resistant. Another issue, apart from cost, is the method of manufacture, for example whether a 
material can be easily moulded into a complex shape.

Important physical properties of materials are density, tensile strength, compressive strength, 
toughness, hardness, and electrical and thermal conductivity. Chemical properties include its  
reaction (if any) towards water, air (oxygen) and acids (dilute and concentrated).

For many uses (applications), electrical and thermal properties are important in determining 
the choice of material.

3 Find out what materials are used as dental restorative materials. Identify the important properties of these 
substances that make them suitable for this use.

Designer and smart materials
Understanding bonding, atomic structure and microscopic structure allows material scientists to 
design, synthesize and manufacture new materials with specific chemical and physical properties. 
For example, Gore-Tex is a waterproof breathable fabric that allows perspiration (sweat) to 
evaporate while protecting the wearer from rain.

Gore-Tex is the patented name for a porous form of 
the polymer PTFE made by stretching the polymer fibres 
in a controlled way to create fine pores. Gore-Tex itself is 
actually one layer in the fabric design for a particular clothing 
application such as a raincoat or wetsuit. Gore-Tex fabric is 
made up of a layer of a plastic based on expanded PTFE and 
this is laminated on to a layer of another fabric. The layer 
contains 14 million pores per square millimetre. It is the tiny 
pores in the PTFE layer that let the water vapour molecules 
through – that is, it is breathable (Figure 22.5). However, the 
layer is waterproof because liquid water droplets cannot pass 
through in the opposite direction; in fact the fabric surface 
repels water – it is hydrophobic (‘water hating’).

Each pore is too small for water droplets to pass through, but large enough to let water vapour 
molecules from sweat to go through (‘breathability’). So, if you sweat in this ‘breathable’ material, 
the water vapour can escape, keeping you cooler, and you do not get the discomfort from sweat 
condensate. In addition, because water droplets cannot pass through the outer tough protective 
layer, you should keep dry in wet weather. Bonding, atomic structure and microscopic structures 
are strongly linked with the properties of materials.

Smart materials are materials that have a property that can be significantly changed in a controlled 
way by external stimuli. These include photochromic materials that change in response to the light 
(Chapter 9) and electrochromic materials that change their colour or opacity (how much light they let 
through) on the application of a voltage. This effect is used in liquid crystal displays (LCDs).

■■ Figure 22.5 The structure of Gore-Tex
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Materials in ancient civilizations
What materials were used by ancient civilizations, such as the Andeans, Romans and Chinese? 
Even though these ancient civilizations were located in very geographically diverse locations, how were 
the materials they used similar?

The Andean culture was a loose collection of different cultures that developed from the 
highlands of Colombia to the Atacama desert in Chile, Peru, Bolivia and Argentina. It was 
based mainly on the cultures of Ancient Peru, and the Inca Empire marked the end of Andean 
culture and conquest by Spain. A wide variety of materials were used by the Andeans, including 
gold, semi-precious stones, clay, adobe (mud, sand and clay brick), silver, bronze, feather, cotton 
and wool (from llamas and alpacas). 

ToK Link
Although it is convenient to classify materials into categories, no single classification is ‘perfect’. How do we 
evaluate the different classification systems we use in the different areas of knowledge? How does our need 
to categorize the world help and hinder the pursuit of knowledge?

Materials can be classified into different categories. For example, they can be classified at the atomic level: 
different arrangements of atoms give rise to different structures and hence different properties, for example 
graphite and diamond. Materials can also be classified at the microscopic level: arrangement of small grains 
that can be identified by microscopy. For example, transparent and frosted glasses differ in their silicate 
grain sizes. Some categories of materials are not based on bonding. A particular microstructure identifies 
composites made of different materials in intimate contact, for example fibreglass and wood, to achieve 
certain properties. Biomaterials can be any type of material that is biocompatible and used to replace 
human body parts. Nanomaterials are a whole new group of new materials derived from the science of 
nanotechnology.

Materials can also be classified according to their properties, which are the ways the material responds 
to the environment. For example, the mechanical, electrical and magnetic properties are the responses 
to mechanical, electrical and magnetic stress, respectively. Other important properties are thermal 
(transmission of heat and specific heat capacity), optical (absorption, transmission and scattering of light), 
and the chemical reactivity, for example corrosion resistance. Many materials, especially metals, can be 
processed by heat treatment or mechanical treatment which affects their microstructure and hence their 
properties. The classification in the text has introduced metals, ceramics, glasses and plastics, but there are 
many other types of materials, such as semiconductors, superconductors and even conducting polymers.

■■ Structure of ceramics
Ceramics consist of a regular arrangement of atoms, and these repeating structural units are 
atoms, ions or covalently bonded structures arranged in a regular three-dimensional structure. 
The bonding may be covalent (e.g. silicon dioxide), ionic (e.g. magnesium oxide) or ionic with 
some covalent character (e.g. aluminium oxide).

Silicon(iv) oxide, SiO2, is the basis for a wide range of ceramics. A silicon atom can form four single 
covalent bonds (σ bonds) to form the silicate unit, SiO4

4−, with a tetrahedral distribution of bonds. 
Each of the four oxygen atoms in the SiO4

4− ion has an unshared electron which it can use 
to bond with other SiO4

4− units. Anions such as Si2O7
2−, Si3O9

6− (Figure 22.6) and Si6O18
12− 

occur in many minerals.
There are silicates with long chains of linked tetrahedra, and some silicate minerals have single 

silicate strands of formula (SiO3)n
2n− which are bonded to metal cations that balance the negative 

charges. Asbestos has the double-stranded structure shown in Figure 22.7. The double stands are 
bonded to other double strands by ionic bonding to the Na+, Fe2+ and Fe3+ ions packed around them. 
These can be broken relatively easily and hence asbestos has a fibrous feel (texture). Aluminium 
atoms replace silicon atoms in many silicate minerals. For every aluminum atom that replaces a 
silicon atom, a singly charged metal ion, for example sodium, is needed to balance the charge.
Silicate tetrahedra bond to form silicates with sheet structures (Figure 22.7). Clay minerals are 
also silicates with the sheet structure, but in clays 25 per cent of the silicon atoms have been 

■■ Figure 22.6  

The Si3O9
6− ion

4 Draw a dot-and-
cross diagram 
for the ion 
Si2O7

6− made by 
linking two silicate 
tetrahedra together. 
Show clearly the 
charges on the 
individual oxygens.
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replaced by aluminium. Replacing silicon (oxidation 
state +4) with aluminium (oxidation state +3) means 
that additional positive charges (e.g. Na+) are needed 
to balance the charges on the oxygen atoms. Layers 
of sodium and aluminium cations between the layers 
hold them together by ionic bonding. These layer 
structures have an inner surface which can absorb 
large amounts of water.

Quartz (Figure 22.8) has a three-dimensional 
network of SiO4 units, in which all four oxygen atoms 
of the silicate tetrahedra are shared with other silicon 
atoms. With each silicon atom covalently bonded 
to four oxygen atoms and each oxygen atom bonded 
to two silicon atoms, the formula is (SiO2)n and the 
empirical formula is SiO2.

Cement and concrete
Portland cement is made by strongly heating 
limestone (calcium carbonate) with silica (silicon 
dioxide). Clay may also be added during the 
production of cement. Concrete (Figure 22.9) is 
artificial stone made from a mixture of cement, 
water and fine and coarse aggregate (usually sand 
and coarse rock).

The manufacture of cement requires two 
raw materials, one rich in calcium, for example 
limestone or chalk, and one rich in silica, for 
example clay. Sand is sometimes added and the 
raw materials are finely ground and mixed before 
being heated. A number of reactions take place,  
including the thermal decomposition of calcium 
carbonate and at the end of the reaction between 
calcium oxide and silica to form a calcium silicate, 

Ca3SiO5. Tiny quantities of resinous materials that have pockets which trap 
air are added to cement. The air pockets help hardened concrete to withstand 
repeated freezing and thawing without cracking.

■■ Figure 22.7 Double strands of silicate tetrahedra

■■ Figure 22.8 The three-dimensional network of silicate 

tetrahedra in quartz

silicon atom, each bonded
to four oxygen atoms
oxygen atom, each bonded
to two silicon atoms

5 Find out about ‘concrete cancer’.

6 Classify the following materials into suitable categories. Find out one use for each 
material: 

 Gold; polyurethane; solder; nitrocellulose nitrate; silicon; brass; gutta percha; polystyrene; 
titanium; plywood; silicon nitride (SiN); porcelain; carbon-fibre reinforced epoxy resin; 
terracotta; talcum powder; magnadur; borosilicate glass; nylon; muntz metal; Pyrex; 
rayon; silicon rubber; bronze; silk; nitinol; thinsulate; Kevlar; mica; rayon; Teflon (PTFE); 
polyacetylene; asbestos; Bakelite; carbon fibre; Cellophane; Dacron; ebonite; cement.

Relating physical characteristics to structure and bonding
The physical characteristics of materials can be related to its bonding and 
structure. For example, consider the use of polyethene benzene-1,4-dicarboxylate or 
poly(ethylene terephthalate) (PET) (Figure 22.10) commonly used as a container for 
carbonate drinks. 

It is a long chain covalently bonded polymer and hence a poor electrical and 
thermal conductor due to the absence of delocalized electrons.■■ Figure 22.10 Structure of PET
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■■ Figure 22.9 Palace Assembly 
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from concrete
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It has a relatively high range of temperatures at which it softens because of the relatively 
strong and rigid London (dispersion) forces and dipole–dipole forces operating between 
adjacent PET chains. These intermolecular forces and partially crystalline structure also 
make it strong and tough. The presence of hydrophobic benzene rings makes it water 
resistant and impermeable.

PET needs to be very impermeable to gas since it is often used to contain carbonated 
drinks (Figure 22.11). This property is related to its structure since crystalline polymers are less 
permeable to gases than amorphous polymers because crystalline polymers have fewer spaces in 
the structure than amorphous polymers.

■■ Testing materials

Stress
The ways in which a material behaves when forces are applied are described as mechanical 
properties. When an external force (push, pull or twist) is applied to a material, internal forces 
act in a direction opposite to that of the force applied. A material which is stretched by external 
forces is under tension. A material which is being squeezed by external forces is in compression.

Materials used in construction, for example, concrete, must be able to sustain a large force 
while undergoing a small change of shape (minor deformation). Engineers and material scientists 
are interested in the force required to produce a definite amount of deformation in a material. 
The stress is the force acting per unit cross-sectional area of the material. The deformation 
produced is the strain.

The tensile stress is the stress which stretches a material in a particular direction. Tensile 
stress = force/original cross-sectional area. Tensile stress has the units of pressure: newtons per 
square metre, N m−2, or Pascal, Pa. The tensile strain is the elongation (increase in length) per 
unit length. Since tensile strain is a ratio of two lengths, it has no dimensions.

Strength
The strength of a material is its ability to resist an applied force without breaking. The tensile 
strength of a material is the maximum tensile stress it can withstand without breaking. It has 
the units of stress, Pa.

When a force is applied to a material the material may be deformed (change shape). This 
may be elastic deformation (the material will return to its original length), plastic deformation 
(the material will stay permanently stretched) or fracture (snap). Metals can undergo plastic 
deformation, but many non-metallic materials are brittle and will fracture and break.

■■ Bond triangle diagrams
Bonds between metals and non-metals vary from ionic to covalent (via polar covalent) as 
a consequence of the electronegativity difference between the two atoms. The greater the 
electronegativity difference, the greater the ionic character. Compounds with a high degree of 

ionic character are crystalline solids, are non-conductors of electricity 
(unless molten or in aqueous solution), and have high melting and 
boiling points. Simple molecular or molecular covalent compounds will 
have low melting and boiling points and usually are non-conductors 
of electricity (unless they undergo hydrolysis with water). A substance 
with polar covalent bonds exhibits properties intermediate between 
highly ionic and highly covalent character. A useful way to visualize 
these ideas is with a simple bond triangle diagram (Ketelaar’s triangle) 
in which the vertices (corners) are labelled metallic, covalent and ionic 
(Figure 22.12).

A more sophisticated version is known as the van Arkel diagram and 
is a plot of the difference in electronegativity (Δχ) of two elements on the 
y-axis and average electronegativity (Σχ = (χa + χb)/2) on the x-axis. 

There is no need to consider the stoichiometry of the binary 
compound. So the oxides sulfur(iv) oxide (SO2) and sulfur(vi) oxide 
(SO3) will both appear at the same coordinate on the van Arkel diagram 

■■ Figure 22.11 PET 

bottle with carbonated 

drink

7■a Investigate the 
stretching of a 
rubber band. Does 
it obey Hooke’s 
law?

■ b■Find out how to 
make cement 
and design an 
experiment 
to investigate 
the effect of 
composition on 
breaking strength 
after drying.

■■ Figure 22.12 Simple bond triangle diagram

strongly ionic,
e.g. Cs+F–

strongly metallic,
e.g. K

strongly covalent,
e.g. Cl–Cl
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(Figure 22.13). It is assumed that the electronegativity of an element does 
not vary between compounds.
As the x-axis gives information about the electronegativity average, it is a 
measure of the degree of localization of the bonding electrons. It provides 
information on the degree of covalency. At the left-hand side of the x-axis 
is the most electropositive (or least electronegative) element (caesium). It 
is highly metallic with delocalized valence electrons. At the right-hand 
side of the x-axis is the most electronegative (or least electropositive) 
element (fluorine). In fluorine, the bonding valence electrons in this 
purely covalent molecule are localized within the sigma bond. 

As the y-axis gives information on electronegativity differences, 
it indicates to what degree the bonding electrons are unevenly 
(asymmetrically) distributed between the two bonding atoms. It provides 
information on the degree of ionic character. It is for this reason that at 
the bottom of the triangle, where y = 0, the elements are found. At the 
top of the van Arkel diagram there is the greatest degree of asymmetry 

of the electron distribution in the bond. This is where caesium fluoride (CsF [Cs+F−]) is to be 
found at the extreme of ionic bonding as the elements in this binary compound are the most 
electropositive and the most electronegative.

Advantages and disadvantages of the van Arkel diagram
The van Arkel diagram gives a quantitative appreciation of intermediate bonding. It allows 
chemists to view the three main models for chemical bonding in a single triangular-shaped 
chart. It allows prediction in bonding for unfamiliar compounds. These predictions are easier 
when the resulting point plotted is close to one of the corners of the triangle.

All chemical models tend to break down at some point and whilst useful, they do have their 
limitations. The search by chemists for interesting new materials such as high-temperature 
superconductors continues, but it is not possible to use the van Arkel diagram to suggest new 
binary compounds that have these interesting properties. Although the van Arkel diagram 
provides information on bonding it does not predict the crystal structures of solids which depend 
on stoichiometry and electron configuration. 

This is clearly shown by elements with allotropes, such as carbon. Allotropes of the same element 
all have the same electronegativity values but very different structures in the case of carbon. The 
same is also true when there are several forms of a binary compound because one of the elements is 
capable of existing in several oxidation states. A good example of multiple oxidation states are the 
chlorides of lead. Lead(iv) chloride (PbCl4) is covalent whereas lead(ii) chloride (PbCl2) is ionic.

■■ Figure 22.13 Van Arkel diagram
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Worked example

Calculate where phosphorus(v) chloride, PCl5, will appear on a van Arkel diagram. Deduce the nature of the 
bonding from the van Arkel diagram.

The average electronegativity = (2.2 + 3.2)/2 = 2.7

The difference in electronegativity = 3.2 − 2.2 = 1.0

On the van Arkel diagram, the coordinates for PCl5 are (2.7, 1.0).

8 Calculate where 
the following 
compounds will 
appear on a van 
Arkel diagram. 
Then use the van 
Arkel diagram to 
determine the 
type of bonding 
predicted to be 
present: gallium 
nitride, GaN, 
hydrogen fluoride, 
HF, caesium hydride, 
CsH, aluminium 
chloride, AlCl3, 
sulfur(II) chloride, 
SCl2, and potassium 
chloride, KCl.

22.2 Metals and inductively coupled plasma 
(ICP) spectroscopy – metals can be extracted from their ores and alloyed 
for desired characteristics. ICP-MS/OES spectroscopy ionizes metals and uses mass and 
emission spectra for analysis

■■ Reduction of metals
Some unreactive metals, such as gold, platinum and silver, are found pure (native) and can be 
mined directly as the element (Figure 22.14). However, the more reactive metals exist in the earth 
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in their oxidized states in compounds; for example, iron is often found as the ore hematite, impure 
iron(iii) oxide, Fe2O3 [2Fe3+ 3O2−] and aluminium as the ore bauxite (hydrated aluminium oxide, 
Al2O3 [2Al3+ 3O2−]). These metals can be extracted via chemical reduction from their ores and 
can then be alloyed with carbon and other metals to give them useful physical properties.

Reactive metals in ores are in an oxidized state, and they need to be reduced to the elemental 
form (oxidation state zero). Chemical reduction (smelting) by coke (carbon), a redox reaction 
(replacement) with a more active metal, and electrolysis of a molten ionic compound are 
methods used to obtain metals from their ores (Figure 22.15).

Chemical reduction of iron ore in the 
blast furnace
Reduction is carried out on a large scale 
industrially in the blast furnace (Figure 22.16) 
to obtain iron from iron ore (impure oxides 
of iron). Most of the iron extracted is then 
processed to produce steel. Iron ore is mainly 
the oxides hematite-iron(iii) oxide, Fe2O3, and 
magnetite, Fe3O4, a mixed oxide which behaves 
like FeO.Fe2O3, and these reduced by carbon in 
the impure form of coke in a blast furnace.
Coke is heated to form carbon dioxide which 
reacts with the excess coke to form carbon 
monoxide in the bottom of the furnace where 
air is blasted in:

  C(s) + O2(g) → CO2 (g);

 CO2 (g) + C (s) → 2CO(g)

Carbon monoxide is a powerful reducing agent 
(it is easily oxidized to carbon dioxide) and 
reacts with the iron which is collected from the 
base of the furnace as a liquid:

 Fe2O3(s) + 3CO(g) → 2Fe(l) + 3CO2(g)

and

 Fe3O4(s) + CO(g) → CO2(g) + 3FeO(s)

then

 FeO(s) + CO(g) → CO2 (g) + Fe(l)

downcomer
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upper sealing valves
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distributing chute
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hot air
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tap hole
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molten iron
molten slag

charging
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tuyère

‘bustle main’
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hot air blast

supporting
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■■ Figure 22.16 A diagram of the blast furnace for extracting iron

■■ Figure 22.14

A sample of copper in 

its native state

■■ Figure 22.15 Samples of the major iron ores. a limonite, b hematite and c magnetite
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At the very high temperature in the blast furnace the coke can react directly with the iron ore 
and carbon itself can also act as a reducing agent.

Fe2O3(s) + 3C(s) → 2Fe(l) + 3CO(g); Fe3O4(s) + 3C(s) → 2Fe(l) + 3CO(g)

The carbon monoxide produced in this reaction can reduce more iron oxide from the iron ore.
The iron produced is collected in the form of pig iron, ready for further processing, such as 

production of steels.

Reduction by a more reactive metal
A second means of obtaining elemental metals is reduction by a more chemically active metal 
(Chapter 9), that is, a more powerful reducing agent. Pure nickel can be obtained from nickel(ii) 
sulfate by a single replacement reaction with solid magnesium:

Mg(s) + NiSO4(aq) → MgSO4(aq) + Ni(s)

Other redox reactions can be used to reduce the oxidized metal. For example, passing hydrogen 
gas over heated silver(i) oxide reduces silver(i) oxide to elemental silver, while the hydrogen is 
oxidized to the +1 state in water:

Ag2O(s) + H2(g) → 2Ag(s) + H2O(l)

Reduction by a more active metal or by carbon cannot be used to reduce metals near the top 
of the activity series (see IB Chemistry data booklet, section 25) such as group 1, group 2 and 
aluminium. In this case electrolysis (Chapter 9) allows chemists to obtain the metals in a very 
pure state. Once obtained the elemental metals must not be exposed to air (oxygen) or they 
become oxidized again.

Lithium is used in high-voltage lithium and lithium ion batteries (Chapter 23) and obtained 
by the electrolysis of molten lithium chloride to produce lithium metal and chlorine gas:

Cathode: Li+(l) + e− → Li(l)

Anode: 2Cl−(l) → Cl2(g) + 2e−

Overall: 2LiCl(l) → 2Li(l) + Cl2(g)

Relating the method of extraction to the position of a metal on the activity 
series
Metals above carbon in the activity series cannot be reduced by carbon; those below carbon in 
the activity series can be reduced by heating with carbon (smelting). Metals below hydrogen in 
the activity series can be reduced by heating hydrogen; those above hydrogen cannot be reduced 
by hydrogen.

9 Predict which of the following metal oxides can be reduced by heating with (i) carbon and (ii) hydrogen:
 lead(II) oxide, gold(I) oxide, lithium oxide, manganese(IV) oxide and zinc oxide.

Deduction of redox equations for the reduction of metals
The activity series of metals needs to be consulted to determine whether the redox reaction 
occurs. If the metal is below carbon or hydrogen the redox reaction occurs and a balanced 
equation can be written.

For example, if gold(i) oxide is heated with carbon or hydrogen then reduction occurs 
because gold is below both these reducing agents in the activity series:

Au2O(s) + H2(g) → 2Au(s) + H2O(l)

Au2O(s) + C(s) → CO(g) + 2Au(s)
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Gold(i) oxide can also be reduced by heating it with a metal higher up the activity series – that 
is, reacting it with a more powerful reducing agent, for example:

Au2O(s) + Mg(s) → MgO(s) + 2Au(s)

In contrast, zinc is located between carbon and hydrogen in the activity series meaning that it 
will undergo reduction with carbon but not with hydrogen.

Beryllium is located above carbon and hydrogen, meaning that it will not undergo reduction 
with either reagent.

■■ Quantitative electrolysis
The quantity of metal ions reduced at the cathode during electrolysis can be calculated using 
the current passed through the electrolytic circuit, the time it is passed for, and the Faraday 
constant. This is the charge in coulombs (C) carried by 1 mole of electrons and has the value 
96 500 C mol−1. For example, in the reduction of magnesium from its cation: 

Mg2+ + 2e− → Mg

the equation shows that 2 moles of electrons are required to reduce 1 mole of magnesium ions. 
Providing 1 mole of electrons requires 96 500 C of charge from the electrolysis circuit.

The amount of charge (coulombs), Q, transferred can be calculated from the current I (in 
amperes, A) and time, t (in seconds): Q=It.

The SI unit of current, the ampere, is one coulomb per second; 1 A = 1 C s−1. To reduce  
1 mole of aluminium atoms by electrolysis would require 3 moles of electrons: 

Al3+ + 3e− → Al

Solving stoichiometric problems using Faraday’s constant based on mass 
deposits in electrolysis
Most stoichiometric problems involving electrolysis can be solved without the explicit use of 
Faraday’s laws (Chapter 18). The following relationships are needed: quantity of charge (C) = current 
(A) × time (s) and amount of electrons = quantity of charge (C)/Faraday constant (96 500 C mol−1).

10 Write balanced 
equations for 
the reaction of 
mercury(ii) oxide, 
HgO, with carbon, 
hydrogen and 
chromium.

Worked example

Calculate the mass of copper that will be deposited if a current of 0.22 A flows through a cell for 1.5 hours.

The amount of charge passing through the cell is (0.22 A) × (5400 s) = 1200 C; (1200 C) ÷ (96 500 C mol–1) = 
0.012 mol (of electrons).

Since the reduction of 1 mole of copper(ii) ions requires the addition of 2 moles of electrons, the mass of copper 
deposited will be: (63.54 g mol−1) × (0.5 mol Cu/mol of electrons) × (0.012 mol of electrons) = 0.39 g of copper.

11 Calculate the mass 
of cadmium metal 
that plates on to 
the cathode during 
a 3.00 hour period 
of electrolyzing 
aqueous cadmium(ii) 
sulfate using a 
current of 755 mA.

12 Calculate the period 
of time for which 
a current of 2.68 A 
must be passed 
through a solution 
of gold(i) cyanide in 
order to plate out 
5.00 g of gold.

■■ Determining the Faraday constant
The Faraday constant (the amount of charge carried by 1 mole of electrons) can be determined 
from the quantitative electrolysis of copper(ii) sulfate solution, using weighed copper electrodes.

The reaction at the cathode is Cu2+(aq) + 2e− → Cu(s) and the reaction at the anode is 
Cu(s) → Cu2+(aq) + 2e−. Hence the concentration of copper(ii) ions remains constant and there 
is a transfer of copper anode to the cathode.

The copper electrodes should be cleaned with fine sandpaper and dried thoroughly. A small 
steady current is passed through the electrolyte through a known length of time.

The electrode to be plated is weighed before (mi = initial mass) and after (mf = final mass) 
the experiment. The difference in these masses represents the mass of plated metal:

m = mf − mi
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The electrical charge that flows through the system during electrolysis, Q, can be calculated 
using the following equation:

Q = It

where I is the current (in amps) and t is the total running time (in seconds).
Avogadro’s constant, NA, can then be calculated using this equation:

NA = 
QM

n m qe

where M is the atomic mass of the metal, n is the number of electrons in the half-reaction and 
qe is the charge on one electron. 
    Faraday’s constant, F, can be calculated using this equation:

F = 
QM
nm

13 Calculate the value of the Faraday constant from the following data:

 Current passed through the cell = 0.500 A

 Time current was passed through cell = 30.0 minutes

 Initial mass of copper cathode = 52.243 g

 Final mass of copper cathode = 54.542 g

14 Two electrolytic cells are connected in series so that the same current (quantity of charge) flows through 
both cells for the same length of time. 

 Descriptions of the two cells are:

 In cell 1 the electrolyte is silver(I) nitrate (AgNO3(aq)) and the electrodes are inert. 

 In cell 2 the electrolyte is chromium(III) nitrate (Cr(NO3)3(aq)) and the electrodes are inert.

 If 0.785 g of silver metal (Ag(s)) plates on to the cathode in cell 1 during electrolysis, deduce the 
corresponding mass of chromium metal that plates on to the cathode of cell 2.

■■ Electrolytic cells in series
When two or more electrolytic cells are connected in series (Figure 22.17) the same electric 
current and operating time apply to all the electrolytic cells; that is, the current, I, and the time, t, 
are identical for cells connected in series and as the charge is the product of the charge and time, 
Q = I × t, this means that cells in series all receive the same quantity of electric charge, Q value.

That is, for electrolytic cells 1, 2, 3 and 4 in series, Q1 (for cell 1) = Q2 (for cell 2) = Q3 
(for cell 3) = Q4 (for cell 4).

■■ Explanation of the production of aluminium by the electrolysis 
of alumina in molten cryolite

Occurrence of aluminium
Aluminium is the most abundant metal and the third most abundant element on Earth. It is in 
compounds that form approximately 8% of the Earth’s crust. Aluminium is relatively reactive 

■■ Figure 22.17 
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and does not occur naturally as the metal. It is found in the form of hydrated aluminium silicates 
in rocks, such as clays and micas, but the percentage of aluminium is too low for commercial 
extraction. The main ore is bauxite, hydrated aluminium oxide, Al2O3•xH2O (where x ranges 
from 1 to 3). It is formed by the weathering of clays – large bauxite deposits are found in Jamaica 
and Australia.

Purification of bauxite
Crude bauxite contains iron(iii) oxide, silicon dioxide (silica) and other impurities. In the Bayer 
process, the bauxite ore is first crushed and then mixed with concentrated aqueous sodium 
hydroxide solution. The mixture is pumped into a ‘digester’ where it is heated under high 
pressure. The soluble complex tetrahydroxoaluminate(iii) ion is formed:

Al2O3(s) + 2OH−(aq) + 3H2O(l) → 2[Al(OH)4]−(aq)

Iron(iii) oxide is removed from the mixture as ‘red mud’ by allowing it to settle out. The solution 
is then filtered and transferred to a precipitation tank where it is seeded with crystals of pure 
aluminium hydroxide. On seeding, the aqueous sodium tetrahydroxoaluminate(iii) solution 
decomposes, forming aluminium hydroxide. This grows into large crystals on the seed crystals:

[Al(OH)4]−(aq) → Al(OH)3(s) + OH−(aq)

The sodium hydroxide formed in this process is recycled. The aluminium hydroxide crystals 
are filtered, washed and then ‘roasted’ in a rotary kiln at about 1000 °C. Pure aluminium oxide 
(alumina) is formed in a dehydration reaction:

2Al(OH)3(s) → Al2O3(s) + 3H2O(l)

It is worth noting that this purification process is based on the fact that iron(iii) oxide is, like 
the majority of metal oxides, a basic oxide and does not react with sodium hydroxide solution. 
In contrast, aluminium oxide is an amphoteric oxide and so reacts with alkali to produce a salt, 
sodium tetrahydroxoaluminate(iii) – sometimes called sodium aluminate.

Reduction of aluminium oxide by electrolysis
The melting point of aluminium oxide is 2045 °C. The use of pure molten aluminium oxide as 
an electrolyte is thus not practicable or economical. The temperature is significantly decreased 
by using a solution of aluminium oxide in molten cryolite as the electrolyte. Cryolite is an 
aluminium ore with the formula Na3AlF6. 

The electrolysis is carried out in a Hall–Héroult cell (Figure 22.18). Liquid aluminium is 
produced at the graphite cathode (negative electrode) where it is tapped off. The aluminium 

is over 99% pure. The molten cryolite in the electrolyte 
remains unchanged, and so more aluminium oxide can 
be added as required. Oxygen is produced at the graphite 
anodes (positive electrodes) which gradually burn away 
and have to be replaced periodically.

The half-equations at the electrodes are:
■■ ■cathode (negative electrode): Al3+(l) + 3e− → Al(s)

■■ ■anode (positive electrode):  2O2−(l) → O2(g) + 4e−

 2C(s) + O2(g) → 2CO(g)
 C(s) + O2(g) → CO2(g)

The overall equation for the cell reaction is:

  4Al3+(l) + 6O2−(l) → 4Al(s) + 3O2(g)

■■ Figure 22.18  Cross-sectional diagram of an electrolysis cell  

for extracting aluminium

molten aluminium

carbon anode +
aluminium oxide
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■■ Alloys
An alloy is typically a homogeneous mixture of metals or a mixture of a metal and non-metal, 
usually carbon but sometimes phosphorus. Alloys usually have different properties from those 
of the component elements, and melt over a range of temperature. Alloys are generally made by 
mixing the metal with the other elements in molten form, and allowing the mixture to cool and 
the alloy to solidify.

Alloys are usually divided into ferrous and non-ferrous alloys. Ferrous alloys include the 
steels, which are alloys of iron containing up to 2% carbon. The majority of non-ferrous alloys 
are based on copper. Familiar alloys of copper are brass (copper and zinc) and bronze (copper and 
tin). Bronze is an alloy that humans have used considerably over long periods of history. It is still 
used to produce statues and sculpted artwork. 

The composition of steels (after reaction with acid) can be determined by using inductively 
coupled plasma optical emission spectroscopy (ICP-OES). The intensities of the lines are related 
to the concentrations of atoms of each element.

Alloying
Most pure metals are not used in engineering because they do not have 
the required properties. For example, the pure metal may readily undergo 
corrosion or be too soft. However, the properties of a metal may be 
improved by the formation of an alloy. Alloys are often harder than the 
original metals because the irregularity in the structure helps to stop rows 
of metal atoms from slipping over each other (Figure 22.19).

For example, brass is stronger than copper and is more easily 
worked because of its higher malleability – brass is also more resistant 
to corrosion. Duralumin (an alloy of aluminium with magnesium and 
copper) is much stronger than aluminium, but the presence of copper 
makes it prone to corrosion. Stainless steel contains iron with chromium, 
nickel and a small amount of carbon. It is extremely hardwearing and 
resistant to corrosion even when heated – its resistance to corrosion can 
be improved by increasing the chromium content.

■■ ■■The structure of metals
Metals are giant structures of atoms held together by metallic bonding 
(Chapter 4). The term ‘giant’ implies that large but variable numbers of 
atoms are involved – depending on the size of the piece of metal. Metals 
are crystalline and the atoms pack into various types of lattices.
However, not all the atoms in a piece of metal are arranged in a regular 
way. Any piece of metal is made up of a large number of crystal grains, 
which are regions of regularity (Figure 22.20). Hence metals are described as 
polycrystalline. At the grain boundaries, atoms are misaligned. The grains 
of a piece of polished metal can be seen easily with a microscope – however, 
the best place to see metallic crystal grains is on a galvanised lamp post 
(Figure 22.21) where the large grains of zinc are clearly visible.

■■ Figure 22.19 a The position of the atoms in 

a pure metal before a force is applied; b after 

the force is applied, slippage has taken place; 

c in an alloy, slippage is prevented because the 

atoms of different size cannot easily slide over 

each other
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■■ Figure 22.20 The process of formation of grains as a metal cools
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The properties of steel depend on its grain structure. The structure of steel may change with its 
composition and with mechanical working (e.g. rolling, forging, heating, hammering and drawing).

A third important process for changing a metal’s structure, and hence changing and 
controlling its properties, is known as heat treatment. The remarkable versatility of steel is in 
large part due to its response to heat treatment. If some steel is to be formed into an intricate 
shape, it can be made very soft and ductile by heat treatment; on the other hand, if it is to resist 
wear then it can be made very hard by heat treatment.

Many methods of heat treatment are used, but they all involve heating and keeping the 
metal at a selected temperature until the structure becomes uniform, and then cooling it at a 
controlled rate to produce or keep the required microcrystalline structure of grains.

The rate of cooling is the main difference in these treatments. Iron and carbon combine 
reversibly at high temperatures forming a hard brittle compound known as iron carbide 
(cementite), Fe3C.

3Fe(s) + C(s) 34 Fe3C(s)

The mechanical properties of steel result from laminated structures of iron and iron carbide. The 
forward reaction is endothermic, so that on slow cooling, the position of equilibrium (Chapter 7) 
shifts towards the formation of carbon, which separate as small flakes of graphite, and iron. Rapid 
cooling, however, prevents adjustment of equilibrium. The iron carbide is preserved, making the 
steel harder and much more brittle. The three main methods of heat treatment are known as 
annealing, quenching and tempering.

Annealing involves maintaining the sample of steel at a specified temperature for a specific 
length of time, and then gradually cooling it at a controlled rate. The steel is softened, becoming 
very ductile, but the hardness, toughness and tensile strength are gradually reduced. Annealing 
relieves internal stresses, producing a more or less uniform grain structure throughout the metal. 
Annealing is often used to soften steel and prepare it for machining, cold working or further 
heat treatment. It may also be used to develop a particular microstructure in steel.

Quenching involves plunging a piece of heated steel into a liquid bath, causing sudden 
cooling. The product has strong internal stresses and is very hard and brittle, being easily 
fractured. To be useful, the steel needs to be toughened.

Tempering is carried out by reheating quenched steel to a specified temperature for a 
given time to permit the structural changes to reach equilibrium, and then cooling slowly. By 
tempering, it is possible to remove the internal stresses and to replace brittleness by toughness, 
while retaining most of the hardness.

Nature of Science  History of metallurgy

The process of metallurgy is one of the oldest applied sciences. Its history can be traced back to 
6000 bce. Currently there are 86 known metals. Before the 19th century only 24 of these metals 
had been discovered and, of these 24 metals, 12 were discovered in the 18th century. Therefore, 
from the discovery of the first metals – gold and copper – until the end of the 17th century, some 
7700 years, only 12 metals were known. Four of these metals, arsenic (a metalloid), antimony, 
zinc and bismuth, were discovered in the 13th and 14th centuries, while platinum was discovered 
in the 16th century. The other seven metals, known as the Metals of Antiquity, were the metals 
upon which civilization was based. These seven metals and their dates of first use were: 

1 Gold, 6000 bce   2 Copper, 4200 bce   3 Silver, 4000 bce   4 Lead, 3500 bce

5 Tin, 1750 bce   6 Iron, smelted, 1500 bce  7 Mercury, (approximately) 750 bce

These metals were known to the Mesopotamians (in Iraq), Egyptians, Greeks and the Romans. 
Of the seven metals, five can be found in their native states – gold, silver, copper, iron (from 
meteors) and mercury. However, the occurrence of these metals was not abundant and the first 
two metals to be used widely were gold and copper. 

Sometimes the ores of copper and tin are found together, and the casting of metal from such 
natural alloys may have provided the accident for an important step forward in metallurgy – the 

■■ Figure 22.21 The 

grains of zinc on a 

galvanized lamp post 

can be seen clearly



22  Materials16

Chemistry for the IB Diploma, Second Edition © Christopher Talbot, Richard Harwood and Christopher Coates 2015

use of alloys. It was discovered that these two metals, cast as one substance, are harder than 
either metal on its own. Initially metallurgy was more of an art than a science, relying upon  
‘trial-and-error’ experimentation, but later it followed a more scientific route based upon the 
many methods used to investigate indirectly, such as X-ray diffraction and electron microscopy. 

The cast alloy of copper and tin is bronze, a substance so useful to human beings that an 
entire period of early civilization has become known as the Bronze Age. A bronze blade will take 
a sharper edge than copper and will hold it longer. And bronze ornaments and vessels can be 
cast for a wide variety of purposes.

In the 11th century it was discovered that iron can be much improved. If it is reheated in a 
furnace with charcoal (containing carbon), some of the carbon is transferred to the iron, forming 
steel. This process hardens the metal, and the effect is considerably greater if the hot metal is 
rapidly reduced in temperature, usually achieved by quenching it in water. It can be worked (or 
‘wrought’) just like softer iron, and it will keep a finer edge, capable of being honed to sharpness.

■■ Paramagnetic and diamagnetic materials
One important physical property of a material (often a metal, alloy or complex ion) is its 
response to a strong magnetic field. Paramagnetic materials are attracted to a magnetic field 
but diamagnetic materials create a magnetic field opposed to the applied magnetic field and are 
therefore weakly repelled by an external magnetic field. A third type of magnetism is known as 
ferromagnetism. Ferromagnets will tend to stay magnetized to some extent after being subjected 
to an external magnetic field.

Liquid oxygen is an example of a paramagnetic substance (Chapter 14) and liquid nitrogen is 
an example of a diamagnetic substance.

In the atoms of a diamagnetic substance the electrons are spin paired; for example, argon 
atoms are diamagnetic with the electron configuration 1s2 2s2 2p6 3s2 3p6 (the valence electron 
configuration shown in Figure 22.22) and the 18 electrons exist as spin pairs.

Aluminium atoms (Figure 22.23), electron configuration 1s2 2s2 2p6 3s2 3p1, have one 
unpaired p electron that is attracted to an external electric field. Aluminium (in bulk) is 
paramagnetic. The electron has a magnetic dipole, and a spinning electron creates a local 
magnetic field (Figure 22.24). 

Because electron spin is quantized, an electron has only two possible spin states. The 
magnetic field produced by an electron occurs in one of two directions. In one spin state the 
electron produces a magnetic field with the North pole in one direction. In the other spin state 
the North pole is in the opposite direction.

The spins of unpaired electrons in atoms, molecules and ions can be temporarily aligned in 
an external magnetic field, causing the substance to be attracted to the applied magnetic field. 
This is what happens in paramagnetic substances.

In the absence of an external, strong magnetic field, the magnetic fields generated by the 
individual particles in paramagnetic substance are arranged in random directions and the magnetism 
produced by each atom, ion or molecule will be cancelled by the magnetic fields around it.

In a ferromagnetic material the electron alignment induced by the magnetic field can 
be retained, making a permanent magnet. For example, a sample of iron atoms (electron 
configuration [Ar] 4s2 3d6) can be heated and cooled in a strong magnetic field (such as a 
solenoid) and as the metal cools the unpaired electrons in the iron atoms align themselves such 
that the magnetic field created by their spin is aligned with the applied field. 

Banging or heating a permanent magnet (above a certain temperature) or placing it near 
alternating current can disrupt this alignment and weaken the strength of the magnet. Paramagnetic 
materials do not form permanent magnets in this way; their electrons are only temporarily aligned by 
the external magnetic field. Nickel and chromium also exhibit ferromagnetic behaviour.

In diamagnetic materials (Figure 22.25) all the electrons are paired. In an external magnetic 
field the paired electrons orientate themselves such that the magnetic fields created by their 
spin opposes the applied magnetic field (Lenz’s law of electromagnetism, which is studied in IB 
Physics) and so the material will weakly repel the external magnetic field. A superconductor 
exhibits perfect or extreme diamagnetism (see section 22.8).
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■■ Figure 22.25 Electron spin representations of a material with 

a diamagnetic, b paramagnetic and c ferromagnetic properties

a b c

Discussion of paramagnetism and diamagnetism in relation to electron 
structure of metals
The magnetic character of a metal can be determined from its detailed electron configuration.

For example, zinc has the atomic number 30 and has the following detailed electron 
configuration:

1s 2s 2p 3s 3p 4s 3d

6s

[Xe]

4f

Zinc is diamagnetic because its electron configuration shows no unpaired electrons.
However, samarium (atomic number 62) is paramagnetic because its electron configuration 

shows six unpaired electrons:

■■ Spectroscopic methods
Trace concentrations of elements such as heavy metal atoms or their ions in polluted water are 
difficult to determine by chemical tests (e.g. titration) but can be detected by spectrophotometric 
techniques. Qualitative analysis to determine which metals or cations are present in a sample can 
be done by exciting electrons to higher energy levels and detecting and measuring the radiation 
(photons) emitted as these electrons undergo a transition to lower energy levels or the ground state. 

Concentrations of trace metals and their cations can be determined by optical emission 
spectroscopy (OES), which is based on the direct relationship between analyte concentration and 
atomic/ionic emission intensity (visible or ultraviolet radiation) (Figure 22.26).

■■ Figure 22.26 
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16 Find out about 
anti-ferromagnetic 
substances.

In mass spectrometry (MS), an ionization source converts gaseous species into cations 
(traditionally by electron bombardment). These cations are accelerated and enter the mass 
spectrometer, where they are separated according to their mass to charge ratio by a combination 
of electric and magnetic fields. The detector receives a signal proportional to the concentration 
of each analyte. The cation may be a monoatomic or polyatomic ion.
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These spectroscopic techniques require gaseous atoms in an excited state or cations in the 
gas phase. Substances that are solids or liquids must be atomized for spectroscopic analysis and 
this is achieved by heating (often at low pressure) and/or electrical discharge, which bombards 
atoms with electrons of high kinetic energy to excite them or ionize them (by removing one or 
more valance electrons).

Inductively coupled plasma 
When argon is heated to temperatures above 6000 K a plasma is formed. This is a gas with a high 
percentage of positive ions (cations), Ar+(g), and free electrons. The plasma may be produced by a 
direct current discharge – in effect, passing a powerful electric spark through the argon. 

A plasma may also be produced by the use of an inductively coupled plasma (ICP) torch. Plasma is 
hotter and much more effective at atomizing, ionizing and exciting chemical species. Since it contains 
charged particles (cations and electrons) it can be contained and directed using strong magnetic fields.

Discharge of a high voltage (from a coil) through flowing argon gas will supply free electrons 
which will ‘ignite’ the gas to form a plasma which is conducting due to the presence of charged 
particles. If the plasma is surrounded and enclosed by an electromagnetic field (oscillating at 
high frequency), then the ions and electrons will be accelerated and they will collide with the 
argon atoms (known as the support gas) and the analyte, the chemical to be analysed. The 
collisions cause the temperature to increase to about 10 000 K and a self-sustaining plasma is 
formed. It is held in place by the magnetic field in the form of a fireball. 

The analyte is introduced as an aerosol (droplets of liquid in a gas) and enters the fireball at 
high speed. It is pushed through it, and becomes heated and forms a plume which contains free 
atoms or free ions. The atoms or ions of the analyte cool and at around 600–700 K they enter 
the ground state from their excited states. They come back to the ground state because of the 
excitation lifetime related to each element (these are known as Einstein coefficients). Atomic 
and ionic emissions take place at very high temperatures, for example 6000–7500 K. At low 
temperatures such as 600–700 K, recombination reactions take place, which result in molecules 
that do not emit radiation. This process is known as relaxation. Figure 22.27 shows a cross-
section of an ICP torch and coil showing an ignition sequence and formation of a plasma.

■■ Figure 22.27 A cross-
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Characteristic emission spectral lines are produced. This technique is known as inductively 
coupled plasma optical emission spectroscopy (ICP-OES). If part of the plasma plume is directed 
into a mass spectrometer, the isotopic masses of individual elements present can be identified. 
This technique is known as ICP-mass spectrometry (ICP-MS).
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Argon gas is supplied at 10–15 dm3 min−1 through the three concentric quartz tubes of the 
torch. The tangential flow of gas in the outer tube contains the plasma, while the central tube 
carries the nebulized sample droplets suspended in argon. Tangential means the swirling argon 
gas is flowing at right angles to the orientation of the vertical quartz tubes.

The plasma is produced by high-voltage ignition and sustained by the magnetic field of the radio 
frequency generator. The sample is pumped into the nebulizer and the smallest droplets are carried 
forward by the gas, while other, larger drops flow to waste from the spray chamber. High-solids 
nebulizers, where particulate matter is introduced into the ICP, have been developed. Laser ablation, 
where the sample is vaporized by a laser, is also used. Electrothermal vaporization may also be used for 
solids and liquids. The sample undergoes a sequence of processes to generate excited atoms and cations:
■ The production of an aerosol from the solution (nebulization)
 Removal of solvent: MX(aq) → MX(s)

 Vaporization of the sample: MX(s)■→ MX(g) 

 Atomization: MX(g) → M•(g) + X•(g)

 Excitation: M(g) → M•*(g)

 Emission: M•*(g) → M•(g) + hν
■ Ionization may also occur:

 Ionization: M(g) → M+(g) + e−

 Excitation: M+(g) → M+*(g)

 Emission: M+*(g) → M+(g) + hν

Figure 22.28 shows how metal atoms and ionic 
compounds containing metals can be vaporized, ionized 
and excited in an ICP discharge (or flame).
These stages depend on the experimental variables used 
in the ICP instrument, such as the viscosity of the solvent, 
the nature of the solvent, the rate of fuel flow and the 
plasma temperature (which depends on the radio frequency 
applied power and sample introduction flow rate).

The optics of the ICP-OES spectrometer are aligned with the base of the plasma plume where the 
majority of the atomic and ionic relaxation is occurring. The emitted radiation from the ICP torch 
is focused into the spectrograph (composed of a grating that separates the different wavelengths of 
radiation, and a prism that separates the different wavelengths orders) and detected by a photomultiplier 
tube (most common in modern ICP-OES instruments is a CCD camera) (Figure 22.29). 
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The output is then processed and displayed under computer 
control as the inductively coupled plasma-atomic emission 
spectrum (ICP-AES) (Figure 22.30).

ICP-OES can detect a greater number of elements than other 
atomic emission of atomic absorption techniques, such as atomic 
absorption spectroscopy (AAS). However AAS is much more 
sensitive than ICP-OES. While ICP-OES reaches high parts 
per billion (ppb) levels, AAS can reach parts per trillion (ppt) 
levels. The main drawback of AAS is that it is a mono-element 
method, while ICP is a simultaneous multi-element method. For 
example, at 1–10 ppb ICP-OES can measure over 30 elements, 
while AAS is restricted to around 10 elements.

Inductively coupled plasma spectrometry (ICP-MS)
By extracting the atoms from the cooling plasma, the high 

sensitivity and selectivity of the mass spectrometer may be used. 
A horizontal ICP torch is placed next to a water-cooled aperture or small hole (although modern 

ICP-MS instruments do not use water-cooled sampler and skimmer cones any more) placed in the 
sampling cone. The positive ions, initially at atmospheric pressure in the plasma, are skimmed down 
through water-cooled metal cones through small orifices into progressively lower-pressure regions 
until the sample ions enter the mass spectrometer.

Explanation of the plasma state and its production in ICP-MS/OES
The plasma plays a very different role in ICP-MS than it does in ICP-OES. In both techniques, 
the plasma is produced by the interaction of an intense magnetic field (produced by radio waves 
passing through a copper coil) on a tangential flow of argon gas flowing through a concentric 

quartz tube (torch). 
This ionizes the gas and, when supplied with a source of electrons from a high-voltage 

spark, forms a very high temperature plasma discharge (~10 000 °C) at the open end of the 
tube (Figure 22.31). A Tesla coil provides the seed electrons to ignite the coil. From there, 
collisions between electrons, argon species, and sample constituents caused by the varying 
radio frequency field maintain the plasma. 

In ICP-OES, the plasma, usually oriented axially, is used to generate photons of light by 
the excitation of electrons of a ground-state atom or ion to a higher energy level. When the 
excited electrons return to the ground state, wavelength-specific photons are emitted that are 
characteristic to specific elements. 

In ICP-MS, the plasma torch is positioned horizontally and is used to generate cations rather 
than photons. It is the production and detection of large quantities of these cations that helps 
gives ICP-MS its ultra-trace detection capability – about three to four orders of magnitude better 
than ICP-OES. The sensitivity has to do more with the direct detection of analytes of ICP-
MS. While ICP-OES depends on each element’s emission intensity (it is an indirect method 
since radiation from the analyte is detected), in ICP-MS the analytes are directly detected as 
ions. Because the temperature in the ICP is high, most elements are near 100 % ionized, and 
the process is much more efficient than in ICP-OES. In addition, high background signals are 
observed in ICP-OES (the plasma itself is an important source of background), which hinder 
sensitivity. In ICP-MS, in most cases the background signal is quite low. 

Explanation of the separation and quantification of metallic ions by MS 
and OES
Mass spectrometers use the difference in mass-to-charge ratio (m/z) of ionized atoms or molecules 
to separate them. Therefore, mass spectroscopy allows quantitation of atoms or molecules and 
provides structural information by the identification of distinctive fragmentation patterns. The 
general operation of a mass spectrometer is to create gas-phase ions, separate the ions in space 
(or time) based on their mass-to-charge ratio and measure the quantity of ions of each mass-to-
charge ratio. The current detected by the mass spectrometer for a specific ion is proportional to 
its concentration in the sample.
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Sufficient energy is often available during ICP-OES to convert the atoms to ions and 
subsequently promote the ions to excited states. Both the atomic and ionic excited state 
species may then relax to the ground state via the emission of a photon. These photons have 
characteristic energies that are determined by the quantized energy level structure for the atoms 
or ions. Thus the wavelength of the photons can be used to identify the elements from which 
they originated. The total number of photons is directly proportional to the concentration of the 
originating element in the sample.

Calibration 
The most important issue in ICP-MS or ICP-OES is the accuracy of the calibration curve (line). 
Another factor is the quality of the samples being analysed due to chemical interference. Known 
standards of metal compounds or metals in a solvent (usually water) are used to construct a 
calibration line assuming a linear relationship between analyte concentrations and analytical 
signals (similar to the Beer-Lambert law).

Inductively coupled plasma emission spectrometry is used to measure the concentrations of 
the anti-cancer drug cis-platin (Chapter 13). The high temperatures mean that the samples can 
be injected directly, without the need to separate it from any organic material. Concentrations 
of platinum as low as 0.1 mg dm−3 in tissue or body fluid (for example, blood plasma) can be 
measured.

Construction of a calibration line that is accurate at very low concentrations requires a series 
of solutions of known concentrations to be prepared by serial dilution from a more concentrated 
solution.

Uses of ICP-MS and ICP-OES

Categories Examples of samples

Agricultural and food Animal tissues, beverages, feeds, fertilizers, garlic, nutrients, pesticides, plant 
materials, rice flour, soils, vegetables, wheat flour

Biological and clinical Brain tissue, blood, bone, bovine (cow) liver, fishes, milk powder, orchard leaves, 
pharmaceuticals, pollen, serum, urine

Geological Coal, minerals, fossils, fossil fuel, ore, rocks, sediments, soils, water

Environmental and 
water

Brines, coal fly ash, drinking water, dust, mineral water, municipal wastewater, plating 
bath, sewage sludge, slags, seawater, soil

Metals Alloys, aluminium, high-purity metals, iron, precious metals, solders, steel, tin

Organics Adhesives, amino acids, antifreeze, combustion materials, cosmetics, cotton 
cellulose, dried wood, dyes, elastomers, epoxy glue, lubricant, organometallic, 
organophosphates, oils, organic solvent, polymers and sugars

Other materials Acids, carbon, catalytic materials, electronics, fibre, film, packaging materials, paints 
and coatings, phosphates, semiconductors and superconducting materials

Identify metals and abundances from simple data and 
calibration curves provided from ICP-MS and ICP-OES
A calibration curve (line) is used to determine the unknown 
concentration of an element, for example lead, in a solution. The 
instrument is calibrated using several solutions of known concentrations. 
A calibration curve is produced which is continually rescaled as more 
concentrated solutions are used – the more concentrated solutions absorb 
more radiation up to a certain absorbance. 

The calibration curve shows the concentration against the amount of 
radiation absorbed.

The sample solution is fed into the instrument and the unknown 
concentration of the element, for example cadmium (in urine), is then 
displayed on the calibration curve (Figure 22.32).

■■ Figure 22.32 Calibration curve (line) for 
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Nature of Science Development of ICP

In 1963 the British chemist Stanley Greenfield and his co-workers invented the inductively 
coupled plasma (ICP). This instrument has had a huge impact on the development of 
instrumental analysis. In 1969 low-power ICP was developed and in 1974 the first commercially 
available ICP instruments were introduced. 

ICP is a type of excitation source that produces excited atoms and ions that emit 
electromagnetic radiation at wavelengths characteristic of a particular element. The intensity of 
this emission is indicative of the concentration of the element within the sample.

ICP-OES was developed by Greenfield because of the advantages of plasma emission sources 
over flames, ac sparks and dc arcs for the production of excited atoms and ions. A plasma 
source has a high degree of stability, is capable of exciting several elements and gives a high 
sensitivity of detection. His work was based on a sound understanding of scientific principles and 
recognition of the limitations of flames for controlled production of excited species.

■■ Rare earths
The lanthanoids are also known as the ‘rare earths’. Despite their name many of them are 
not particularly rare and have a wide variety of uses. MRI (Chapter 11) is a technique used in 
diagnostic medicine to produce a two-dimensional image of a ‘slice’ through a patient’s body. It is 
based on the principles of nuclear magnetic resonance (NMR) and is especially useful for imaging 
soft and delicate tissues, such as the brain and spinal cord. Contrast agents are used in MRI to help 
doctors distinguish between healthy and diseased tissues. Complexes of gadolinium, Gd3+, which 
are strongly paramagnetic are widely used. Small amounts of europium compounds are used in 
colour TV screens where they are responsible for their luminescence. Cerium is the most abundant 
rare earth and is used as a catalyst in catalytic converters and is added to diesel fuel to make it burn 
more efficiently. Yttrium is used to make red LEDs and high-temperature superconductors.

Use of rare earth metals
The use of rare earth metals, or exotic minerals, has grown dramatically. They are used in green 
technology, medicines, lasers, weapon technology and elsewhere; they are expensive to obtain but growing 
in demand. What happens if rare earth reserves are controlled by a few countries but required by many?

Rare earths are an important part of the global economy: over 100 000 tonnes of rare earth 
oxides are mined every year. China is the biggest producer of rare earth ores, with 95% of the 
world production. The USA is the second most important producer, with 5% of the world 
production, but lacks the manufacturing capacity found in China.

High-tech weapon technology depends on rare earth metals. Precision guided missiles, night 
vision goggles, lasers and radar all contain rare metals. Countries that control rare earth reserves 
will be able to influence military budgets and spending in other countries.

Green technologies, such as hybrid cars, solar panels and wind turbines also depend on rare 
earth metals. The control of rare earth exports from countries with deposits will affect the price 
and hence the adoption of green technologies around the world. This could increase the use of 
fossil fuels and worsen global warming.

ToK Link
What factors/outcomes should be used to determine how time, money and effort are spent on scientific 
research? Who decides which knowledge is to be pursued?

For most scientists, a powerful motivation for performing scientific research is an intellectual curiosity about 
‘how things work’ and a taste for intellectual stimulation. The joy of scientific discovery is captured in the 
following excerpts from letters between Max Planck and Erwin Schrödinger involved in the development of 
quantum mechanics:

[Planck, in a letter to Schrödinger, says] ‘I am reading your paper in the way a curious child eagerly listens to 
the solution of a riddle with which he has struggled for a long time, and I rejoice over the beauties that my 
eye discovers.’

Some scientists try to achieve personal satisfaction and professional success by intellectual collaborations 
with colleagues and by seeking respect and rewards, status and power in the form of publications, grant 
money, employment, promotions and honours, including the Nobel prizes.  
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■■ Colorimetric determination of manganese
This analysis is carried out by dissolving the steel sample, converting all of the manganese to the 
intensely coloured manganate(vii) ion, and then determining the percentage of light absorbed 
for a set of conditions, such as degree of dilution and wavelength. 

The manganate(vii) ion strongly absorbs green light, leaving the colour of the solution 
to be determined by the red and blue light that is transmitted; it is magneta (purple). The 
manganate(vii) ion is so intensely coloured that the conversion of all the manganese in the 
sample to manganate(vii) ions indicates the amount of manganese in the steel by the amount of 
light it absorbs (via its absorbance or transmittance).

A calibration curve is plotted by taking solutions containing known concentrations of 
manganate(vii) ions, measuring the absorbance of each solution, and then constructing a linear 
graph in which measured absorbance is plotted against concentrations of the solutions.

When the absorbance of the test solution (from the oxidized steel sample) is determined 
using the spectrophotometer, the absorbance can then be compared to the calibration line 
(curve) to find the concentration of the manganate(vii) ions. A dilution factor may need to be 
applied to obtain the original concentration of manganese(ii) ions in the steel sample.

A solution of concentrated phosphoric(v) acid is used to dissolve the steel sample. In order to 
oxidize the manganese(ii) ions to manganate(vii) ions, the very strong oxidizing agent potassium 
iodate(vii) is used:

5IO4
−(aq) + 2Mn2+(aq) + 3H2O(l) → 2MnO4

−(aq) + 5IO3
−(aq) + 6H+(aq)

■■ Gravimetric analysis of copper
Gravimetric analysis (Chapter 1) involves determining the mass of an element or compound by 
chemically changing that substance into another substance of known chemical composition that 
can be easily isolated, purified and weighed. One common approach is via the formation of an 
insoluble precipitate.

A copper coin (of known mass) can be dissolved in concentrated nitric(v) acid forming a 
solution of copper(ii) ions. The solution of copper(ii) ions is then treated with aqueous potassium 
iodide. Copper(i) iodide is precipitated as a white solid and iodine is produced:

2Cu2+(aq) + 4I−(aq) → 2CuI(s) + I2(aq)

The copper(i) iodide is a precipitate that can be filtered from the solution and weighed using an 
analytical electronic balance. A calculation can then be carried out to determine the mass and 
percentage of copper in the coin.

When a theory (or a request for research funding) is evaluated, most scientists may be influenced by the 
pragmatic question, ‘How will the result of this evaluation affect my own personal and professional life?’ 
Maybe a scientist has publicly taken sides on an issue and there is ego involvement with a competitive desire 
to win the debate; or time and money have been invested in a theory or research project, and there will be 
higher payoffs if there is a favourable evaluation by the scientific community. 

Ideological principles are based on subjective values and on political goals to achieve an ideal or better 
society. These principles include socioeconomic structures, race relations, gender issues, social philosophies 
and customs, religions, morality, equality, freedom and justice.  

A dramatic example of political influence is the control of Russian biology, from the 1930s into the 1960s, 
by the ‘ideologically correct’ theories and research programs (based on the idea of inheritance of acquired 
characteristics) of the biologist Lysenko, supported by the power of the Soviet government.

Opinions of authorities can also influence evaluation and direction of scientific research. Authority can be 
due to an acknowledgment of scientific expertise, a response to a dominant personality, and/or involvement 
in a power relationship. Authority that is based at least partly on power occurs in scientists’ relationships 
with employers, tenure committees, colleagues, professional organizations, journal editors and referees, 
publishers, grant reviewers, and politicians who decide on government funding for science.
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22.3 Catalysts – catalysts work by providing an alternative reaction 
pathway for the reaction. Catalysts always increase the rate of the reaction and are left 
unchanged at the end of the reaction

■■ Catalysis
A catalyst is a substance which increases the rate of a chemical reaction without undergoing any 
permanent change in chemical composition or mass. The phenomenon of an increase in the 
rate of a reaction in the presence of a catalyst is known as catalysis.

A catalyst accelerates the rate of reaction by providing an alternative pathway or mechanism 
with a lower activation energy barrier. The catalyst lowers the activation energy by interacting 
with the reactants to form an intermediate of lower enthalpy (potential energy).

Catalysts obey the laws of thermodynamics: they only increase the rate at which 
a reaction reaches its equilibrium position, and cannot affect the magnitude of the 
equilibrium constant, Kc.

General characteristics of catalytic reactions
The catalyst remains unchanged in amount and composition at the end of the reaction.

Only a small quantity of catalyst is generally needed. However, in some homogeneous 
catalysed reactions, the rate of the reactions is proportional to the concentration of the 
catalyst. For example, the rate of inversion of sucrose catalysed by hydrogen ions varies with the 
concentration of the hydrogen ions present in the solution.

In certain heterogeneous reactions, the rate increases with an increase in the surface area 
of the catalytic surface. This explains why the efficiency of a solid catalyst increases when it is 
present in a finely divided state (powdered form).

The catalyst does not affect the position of equilibrium in a reversible reaction. 
The catalyst does not initiate or start the reaction. The reaction is already occurring, though 

extremely slowly, in the absence of the catalyst. The reaction in the presence of the catalyst 
takes place via an alternative pathway (mechanism) with a decreased activation energy.

The catalyst is generally specific in its action. Manganese(iv) oxide, for example, can catalyse 
the decomposition of potassium chlorate(v) but not that of potassium chlorate(vii) or potassium 
nitrate(v). Hence, manganese(iv) oxide is specific in its action. Enzymes (Chapter 23) are highly 
specific in their action and very effective at lowering activation energy barriers.

The catalyst cannot alter the products of the reaction. 
For example, the reaction of nitrogen and hydrogen 
always results in the formation of ammonia (or hydrazine, 
N2H4), whether a catalyst is present or not.

Catalysts and thermodynamics
A catalyst provides an alternative pathway (mechanism) 
that has a lower activation energy. A better explanation 
is offered by transition state theory on the basis of 
the decrease in the Gibbs free energy of activation. 
Figure 22.33 shows that the Gibbs free energy of 
activation is lowered in the presence of the catalyst.

It can be seen that the Gibbs free energy of activation 
for the reverse reaction is also lowered in the presence of the 
catalyst without changing the overall free energy change of 
the reaction. This implies that a catalyst increases the rates 
of both the backward and forward reactions.

Since the Gibbs free energy change, ΔG, is not 
changed, the equilibrium constant, Kc, remains unchanged 
in the presence of the catalyst (ΔG = −RT ln Kc). Hence a 
catalyst helps in attaining the equilibrium position more 
rapidly, but does not change the relative proportions of 
reactants and products at equilibrium.

■■ Figure 22.33 The effect of a catalyst on the Gibbs free energy 
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A catalyst is poisoned by certain substances known as catalytic poisons. For example, the 
rate of reaction between sulfur dioxide and oxygen (in the Contact process) is slowed down 
significantly if traces of arsenic compounds are present. 

Table 22.1 shows the activation energy for a specific reaction in the absence of a catalyst, in 
the presence of a catalyst and with an enzyme (biological catalyst).

Reaction Catalyst Activation energy/kJ mol −1

2H2O(l) → 2H2O(l) + O2(g) None
Platinum
Catalase (enzyme)

+75
+49
+23

■■ Table 22.1  

The effect of a catalyst 

and enzyme on the 

decomposition of 

hydrogen peroxide

Enzymes
Enzymes are proteins that catalyse a wide range of chemical reactions in the cells of organisms 
(Chapter 23). The enzyme interacts with the reactant, the substrate, at a specific location in the 
enzyme known as the active site. The three-dimensional shape of the active site fits the shape of 
the substrate. The substrate is bound to the active site by intermolecular forces and possibly ionic 
interactions that depend on the three-dimensional shapes of the enzymes and substrates. The 
chemical reaction then takes place at the active site. The overall result may be bond breaking or 
bond forming. The products are released from the active site and the enzyme is free to react with 
another molecule of substrate.

Types of catalysis
Catalysts may be classified into three broad categories: homogeneous catalysts, heterogeneous 
catalysts and enzyme catalysts (Chapter 23). Homogeneous catalysts function in the same 
physical state (phase) as the reactants (Figure 22.34b). For example, the esterification reaction 
to synthesize an ester uses concentrated sulfuric acid to provide protons (H+) to act as a catalyst 
(Chapter 20). The ester, alcohol and sulfuric acid are all in aqueous solution. The depletion 
of ozone by chlorofluorocarbons in the presence of ultraviolet radiation is another example of 
homogeneous catalysis.

■■ Figure 22.34  
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In contrast, a heterogeneous catalyst is in a different physical state (phase) from the reactants 
(Figure 22.43a). The catalyst is usually solid and the reactants are often gases. This is why 
heterogeneous catalysis is often called surface catalysis. For example, the Haber process 
involves the reaction between adsorbed reactant molecules and molecular fragments on the 
surface of a solid iron catalyst. The Contact process involves the reaction between sulfur 
dioxide and oxygen gases to form sulfur trioxide gas in the presence of a solid vanadium(v) 
oxide catalyst (Chapter 16).

Many catalysts, though not all, are transition metals or compounds of transition metals – this 
is because these elements have a variety of stable oxidation states and can form complex ions 
(Chapter 13) via the formation of coordinate bonds (Chapter 4).

The surface of a heterogeneous catalyst contains many active sites (Figure 22.35). These are areas 
where one or more of the reactants can be temporarily fixed to the catalyst surface. There is some sort 
of interaction between the surface of the catalyst and the reactant molecules which makes them more 
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reactive. This might involve an actual chemical reaction with the surface, or some weakening of the 
bonds in the attached molecules (Chapter 16). The catalyst also holds the reactant molecules in a 
fixed orientation. Poisoning results in the blocking of the pores and channels where catalysis occurs.

■■ Figure 22.35 Structure 
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Homogeneous catalysis
All the reagents and the catalyst are in the same physical phase (state); that is, all are gases or all 
are liquids (or in solution).

For example, in the historical lead chamber process the reactants sulfur dioxide and air were 
mixed with nitrogen monoxide (a catalyst) in the presence of water. The following elementary 
steps are believed to occur:

Elementary step 1 NO(g) + 
1
2 O2(g) ⇒ NO2(g)

Elementary step 2 SO2(g) + NO2(g) + H2O(l) ⇒ H2SO4(l) + NO(g)

Overall  
(sum of elementary steps 1 and 2) SO2(g) + 1

2
 O2(g) + H2O(l) → H2SO4(l)

The catalyst, NO, is converted to an intermediate, NO2, which is then converted back to  
NO. This is known as regenerating the catalyst.

Other examples of homogeneous catalysis include:
■ preparation of ethoxyethane (ether) from ethanol using concentrated sulfuric acid as the 

catalyst.

  2C2H5OH(l) → C2H5-O-C2H5(l) + H2O(l)

■ hydrolysis of ethyl ethanoate in the presence of concentrated sulfuric acid.

  CH3COOC2H5(aq) + H2O(l) → CH3COOH(aq) + C2H5OH(aq)

■ hydrolysis of sucrose in the presence of dilute sulfuric acid to form glucose and fructose.

  C12H22O11(aq) + H2O(l) → 2C6H12O6(aq)



 22.3 Catalysts 27

Chemistry for the IB Diploma, Second Edition © Christopher Talbot, Richard Harwood and Christopher Coates 2015

Acid–base catalysis
Acid–base catalysis includes reactions in solution which are catalysed by acids or bases or both. 
A reaction which is catalysed by hydrogen ions (H+ or H3O+) but not by other Brønsted-Lowry 
acids (proton donors) is said to be specifically proton-catalysed. Examples include hydrolysis of 
esters and inversion of sucrose and keto-enol transformation (iodination of propanone).
Homogeneous catalysis: demonstration
In the catalytic reaction of potassium sodium tartrate with hydrogen peroxide, the cobalt 
chloride catalyst is in the same phase as the reactants. This is a visual demonstration of 
homogeneous catalysis (Chapter 6).

An observer can see the progress of the reaction via the formation of the green activated 
complex. An observer will see that the catalyst is regenerated by the reappearance of the pink 
cobalt (ii) chloride colour.

The tartrate ions are oxidized by the hydrogen peroxide to carbon dioxide and water.

5H2O2(aq) + KNaC4H4O6(aq) → 4CO2(g) + NaOH(aq) + KOH(aq) + 6H2O(l)

Without the catalyst the evolution of carbon dioxide is quite slow. With the cobalt(ii) chloride 
solution the reaction proceeds with the rapid evolution of carbon dioxide. This is an excellent 
demonstration of the formation of an intermediate species. The colour change from pink 
to green to pink is easy to observe and can be timed to see the effect of temperature on the 
reaction rate.

Hydrated cobalt(ii) ions are pink. The hydrogen peroxide initially oxidizes the cobalt(ii) 
ions, Co2+, to cobalt(iii) ions, Co3+, which are green. The cobalt(iii) bonds to the tartrate ion 
(the IUPAC name is 2,3-dihydroxybutandioate ion), allowing the oxidation to take place. The 
cobalt(iii) ions, Co3+, are then reduced back to cobalt(ii) ions and the pink colour returns.

The cobalt(ii) chloride catalyst provides an alternative route for the reaction to occur. This 
alternative route has a lower activation energy and the reaction proceeds much more quickly.

When the reaction is complete (no more bubbling), the catalyst is regenerated. This is shown 
by the formation, once again, of the pink colour, indicating the regeneration of the (pink) 
cobalt(ii) chloride catalyst. 

Heterogeneous catalysis
The catalyst is in a different physical phase (state) from the reactants. The most common form 
of this occurs in contact catalysis in which the reactants are gases and the catalyst is a solid. It is 
the most common form of catalysis in the chemical industry and examples include:
■ the Haber process (Chapter 17) where ammonia is synthesized from its elements in the 

presence of an iron catalyst.

  N2(g) + 3H2(g) → 2NH3(g)

■ the Contact process (Chapter 17) where sulfuric acid is manufactured from sulfur. The 
Contact step involves the conversion of sulfur dioxide to sulfur trioxide in the presence of 
vanadium(v) oxide.

  2SO2(g) + O2(g) → 2SO3(g)

■ the industrial manufacture of nitric(v) acid which involves the conversion of ammonia to 
nitrogen monoxide in the presence of platinum.

  4NH3(g) + 5O2(g) → 4NO(g) + 6H2O(g)

■ the hydrogenation of vegetable oils to form margarine and the conversion of ethane to 
ethane, both of which used heated nickel as the catalyst.

■ the polymerization of ethene using titanium(iv) chloride and trialkylaluminium (Ziegler-
Natta process) as a catalyst to form high-density polyethene.
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Adsorption theory of heterogeneous catalysts
The action and behaviour of heterogeneous catalysts is explained by the adsorption theory. The 
catalytic activity of the heterogeneous catalyst is localized on the surface of the catalyst. The 
mechanism of the catalysis involves the following steps (simplified):
■ Diffusion of reactants to the surface of the catalyst.
■ Adsorption of reactant molecules on the surface of the catalyst – usually a transition metal or 

transition metal compound.
■ A chemical reaction occurs on the surface of the catalyst and an intermediate is formed as 

shown in Figure 22.36.
■ The products then undergo desorption from the catalyst’s surface (they desorb) thereby 

making the catalyst surface available for another pair of reacting molecules.
■ The products diffuse away from the catalyst’s surface.

17 Design an 
experiment to 
collect and process 
data and determine 
the effect of 
temperature on the 
decomposition of 
hydrogen peroxide 
in the presence of 
manganese(iv) oxide 
acting as a catalyst.

catalyst surface
having free valencies

reacting
molecules

chemical reaction
between reacting
molecules

desorption
of product
molecules

+ A + B

+ A – B
product

catalyst intermediate

A

B

A

B

adsorption
of reacting
molecules

■■ Figure 22.36 

Adsorption theory

Heterogeneous catalysts are typically ‘supported’ which means that the catalyst is dispersed on 
a second material that enhances the effectiveness and/or minimizes their cost. Sometimes the 
support is merely a surface across which the catalyst is spread to increase the surface area. More 
often, the support and the catalyst interact, affecting the catalytic reaction.

Features of solid catalysts
Activity
The ability of catalysts to accelerate the rates of chemical reactions is called activity. 

The activity of a solid catalyst depends mainly upon the strength of chemisorption. During 
chemisorption, chemical bonds are formed between the atoms or ions on the surface of the 
catalyst (adsorbent) and the reacting molecules (adsorbate). A solid catalyst must adsorb the 
reactants fairly strongly, but not so strongly that they are immobilized. 

Physical adsorption 
When the forces of attraction existing between adsorbate and absorbent are London (dispersion) 
forces, the adsorption is called physical adsorption or physisorption. Since the forces existing 
between adsorbent and absorbate are very weak, this type of adsorption can be easily reversed by 
heating or by decreasing the pressure. 

Chemical adsorption 
When the forces of attraction existing between adsorbate particles and adsorbent are chemical 
bonds, the absorption is called chemical adsorption or chemisorption. Since the forces of 
attraction existing between adsorbent and absorbate are relatively strong, this type of adsorption 
cannot be easily reversed. 

Physisorption and chemisorption are compared in Table 22.2.
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Hydrogenation
The catalytic hydrogenation of alkenes by meta 
surfaces, such as platinum or palladium, has 
been well studied since its discovery in 1900. 
The currently accepted mechanism is shown in 
Figure 22.37.

The reactant molecules diffuse to the 
palladium surface (A) where they first 
interact by London (dispersion) forces (B). 
This is followed by formation of chemical 
bonds to the surface of the palladium 
catalyst (C); this results in the loss of the 
π-bond between the carbon atoms of the 
alkene, and breakage of the H–H bond (so 
that the adsorbed hydrogen is in the form 
of atoms). These hydrogen atoms can then 
react with the adsorbed alkene (step C to 
D), forming the alkane (E). The alkane has 
no spare electrons with which to bond to 
the catalyst surface, so it can only interact 
by London (dispersion) forces. Since this is 
physisorption, the forces are so weak that the 
alkane rapidly leaves the surface.

It is interesting that the first hydrogenation 
step (C–D) is reversible. If D2 is used instead of 
H2, the complete range of possible deuterated 
alkanes and alkenes is formed, in amounts that 
depend on the catalyst used. This reversibility 
also allows the position of the double bond to 
alter, and the cis isomer to be converted into the 
trans isomer.

Zeolites
A catalytic action that depends upon the pore 
structure of the solid catalyst and the sizes of 
the reactant and product molecules is known as 

Physisorption Chemisorption 

Low enthalpy of adsorption High enthalpy of absorption 

Forces of attraction are London (dispersion) forces Forces of attraction are chemical bonds

It usually takes place at low temperature and 
decreases with increasing temperature 

It takes place at high temperature

It is reversible It is irreversible 

It is related to how easy it is to liquefy the gas The extent of adsorption is generally not related to 
how easy it is to liquefy the gas 

It is not very specific It is highly specific 

It usually forms multi-molecular layers on the 
adsorbent 

It usually forms monomolecular layers on the 
adsorbent 

It requires a very low activation energy It requires a high activation energy 

The molecular state of the adsorbate generally 
remains unaltered 

The molecular state of the adsorbate undergoes a 
change at the surface of adsorbent  

■■ Table 22.2 

Comparison of 

physisorption versus 

chemisorption

■■ Figure 22.37 Mechanism of heterogeneous catalysed hydrogenation
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shape-selective catalysis. Zeolites (Figure 22.38), a class of ceramics, show this type 
of heterogeneous catalysis because of their well-defined porous structures. 

Zeolites are aluminosilicates of the general formula Mx/n[(AlO2)x(SiO2)y].mH2O, 
where n is the charge of the metal cation, Mn+. They are three-dimensional 
silicates in which some silicon atoms are replaced by aluminium ions. They are 
found naturally, but can also be synthesized in the laboratory. There is a wide 
range of structures but all have SiO4 and AlO4 tetrahedra linking together through 
their corner oxygen atoms to form giant covalent structures. The porous nature of 
zeolites and the presence of replaceable M+ cations on their internal surface is a 
critical factor in their uses.

Zeolites become catalytic when they are heated in a vacuum to remove water 
molecules and create catalytic cavities and thereby make the material porous. The 
catalytic cavity and selectivity of zeolites depend on the size of the cavities (cages) 
present in them. These cavities can only adsorb and trap molecules whose size and 
shape allow them to enter and leave the cavities; larger molecules are unable to 
enter. Hence, zeolites can act as molecular ‘sieves’ or selective adsorbents.

When zeolites are used as catalysts, M+ is normally a proton (H+), and the zeolite acts 
as a strong Brønsted-Lowry acid. The cracking of crude oil or petroleum (Chapter 24) – the 
decomposition of long-chain alkane molecules into smaller molecules – is an example of a 
reaction that often uses zeolites as catalysts. Zeolites can also be used to convert alcohols to 
hydrocarbons. 

Another major use of zeolites is ion exchange, where M+ is normally the sodium cation, Na+. 
Zeolites are often used to remove calcium and magnesium ions from so-called hard water. This is 
to allow washing powders to work well with such water. The function of the zeolites is to remove 
calcium and magnesium ions, which otherwise would precipitate from the water in the presence 
of washing powder or soap. The calcium and magnesium ions are retained in the zeolites, 
releasing sodium ions into the solution. The resulting water is described as soft and will readily 
lather with soap and washing powder.

Homogeneous versus heterogeneous catalysis
Homogeneous catalysts are potentially the most efficient type of catalyst because every catalyst 
molecule is potentially accessible to the reactants. In contrast, only the surface atoms, ions or 
molecules of a solid heterogeneous catalyst are accessible. However, in practice industrial solid 
catalysts are often coated, in the form of small solid particles, on to the surface of a cheap and 
inert support such as aluminium oxide (alumina) or silicon dioxide (silica). A powder can be 
used to maximize the surface area.

Hence, for the same amount of substance, a homogeneous catalyst provides a greater effective 
concentration of catalyst than a heterogeneous catalyst. Consequently, by employing a homogeneous 
catalyst, industrial chemists can use milder, and hence cheaper, reaction conditions (for example, 
lower temperatures and pressures). This is a generalization and there are some situations where a 
homogeneous catalyst, or its promoter, is in fact a compound that requires particular care in reactor 
design. Promoters are substances which enhance the activity of heterogeneous catalysts.

For example, the catalyst in the Monsanto process for making ethanoic acid from methanol and 
carbon monoxide requires iodomethane as a promoter, which in turn requires the reaction vessel to 
be made of a special alloy. An additional benefit of heterogeneous catalysis is greater selectivity; that 
is, the catalyst will only catalyse a single reaction or a small group of related reactions.

In practice, many industrial catalysts are of the heterogeneous type. This is because at the end 
of a reaction, the catalyst must be separable from the products. In a heterogeneous reaction, the 
solid catalyst can be removed from the reaction mixture by simple filtration. This means that the 
chemical process used must be a batch process, rather than a more efficient continuous process. 
This is not an issue when gaseous or liquid products are flowing over a solid catalyst surface – as in 
a continuous, heterogeneous process. However, if a homogeneous catalyst is used then the catalyst 
and products must be separated by distillation. Distillation requires heat (thermal) energy and a 
high distillation temperature may cause the catalyst to decompose. However, a common industrial 
approach is to let the reactants flow over a solid bed containing the heterogeneous catalyst.

■■ Figure 22.38 Outline of the cage 

structure of a zeolite, with formula 

Na12(Al12Si12O48).27H2O
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Description of how metals work as heterogeneous catalysts
Many transition metals and their compounds act as catalysts. Their catalytic effect is often due 
to their ability to exist in more than one stable oxidation state. For example, the vanadium(v) 
oxide catalyst in the Contact process is believed to operate via the following mechanism:

V2O5(s) + SO2(g) → V2O4(s) + SO3(g)
1
2
 V2O4 (s) + O2(g) → V2O5(s)

The mechanism is supported by experimental data. If vanadium(v) oxide is heated with sulfur 
dioxide, it turns blue and forms V2O4. This is converted back to V2O5 by heating in air.

Many hydrogenation reactions are catalysed by metals that form interstitial hydrides where the 
hydrogen atoms are held in the spaces between the metal ions in the lattice, forming a type of alloy 
whose properties are only slightly different from the pure metal. Interstitial hydrides, like other 
alloys, are non-stoichiometric, meaning they do not have a fixed formula. The ratio of hydrogen 
atoms to metal ions depends on the conditions, especially the external pressure of the hydrogen.

The ability of transition metals to act as catalysts also depends on the presence 
of empty d orbitals. For example, nickel atoms are able to form a coordinate bond 
with ethene molecules. The pi bond of the ethene molecule overlaps with the 
empty d orbital with a nickel atom on the surface of the catalyst (Figure 22.39). 
The places on the nickel surface where the geometry allows molecules to bond in 
this way are called active sites.

Explanation of factors involved in choosing a catalyst for a 
process
The choice of catalyst for an industrial process will depend on several factors – all 
of which are designed to maximize yield and profit.

Selectivity
Selectivity is the ability of a catalyst to direct a reaction to yield a particular product. For 
example, ethyne on reaction with hydrogen in the presence of platinum as a catalyst forms 
ethane. However, in the presence of Lindlar’s catalyst (a palladium-based heterogeneous catalyst) 
ethyne is converted only to ethene (Figure 22.40).

18 Find out about 
the Monsanto 
process: the 
reaction catalysed 
and its industrial 
importance, 
the action of 
the catalyst and 
the conditions 
employed during 
the reaction.
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Efficiency
A highly efficient catalyst is preferred that causes a considerable increase in the rate. Catalyst 
efficiency is determined by two factors:
■ turnover number (TON), which measures how many reactant molecules can be converted 

into product molecules by a catalyst molecule;
■ turnover frequency (TON per unit time), which is a measure of the rate of turnover. 

Industrial chemists try to maximize catalyst efficiency without compromising costs.

Robustness
Many industrial processes require the use of high temperatures, high pressures (if gases are involved) 
and organic solvents or concentrated acids. The catalyst chosen must be able to function under 
these severe conditions without undergoing decomposition. A catalyst may become covered in 
soot or other surface coating, and may need to be cleaned in a regenerator. Also, at high operating 
temperatures a heterogeneous catalyst may melt, thus reducing its surface area and/or efficiency.
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Environmental impact
Many catalysts are transition-metal based and many of these are toxic at relatively low 
concentrations in water. Strong acids and strong alkalis are also used as catalysts in many sectors 
of the chemical industry. Waste water (effluent) with a very low or very high pH will affect many 
freshwater organisms.

Potential for poisoning
Many heterogeneous catalysts are easily poisoned by chemicals that bind to the active sites and 
prevent catalysis. Catalyst poisoning can be minimized by the use of very finely divided solid 
particles and by purifying the feedstock. Catalyst poisoning is generally undesirable because it 
leads to a loss in usefulness of expensive metals or their complexes. However, partial poisoning 
of catalysts can also be used to improve the selectivity of reactions.

Nature of Science The scientific study of catalysis

In 1835, Berzelius applied the term catalytic agent – now termed a catalyst – to describe 
substances which change the rate of chemical reaction, but without undergoing any permanent 
chemical change. 

Catalysis is one of the most common and one of the most valuable chemical phenomena. 
Enzymes are biological catalysts and many industrial processes rely upon catalysis. Research into 
catalysts is an active area of research and two broad types of catalytic mechanisms or models 
have been proposed, homogeneous and heterogeneous catalysis. These theories are constantly 
being refined as new experimental data is obtained. 

There have been tremendous economic benefits from the use of industrial catalysts, but some 
are toxic and polluting, such as heavy metals and concentrated sulfuric acid. Chemical catalysis 
benefits especially from nanoparticles, due to the extremely large surface to volume ratio. The 
application potential of nanoparticles in catalysis ranges from fuel cells (Chapter 24) to catalytic 
converters and photocatalytic devices (Chapter 24).

A great deal of knowledge has been gained in the mechanism of surface catalyst by studying 
examples of ‘exchange reactions’. This is the term used to describe the substitution on a 
compound of one isotope for another of the same element, for example deuterium for hydrogen.

When a mixture of ethane, C2H6, and deuterium, D2, is exposed at moderate temperatures 
to the surfaces of transition metals, for example nickel, copper, or palladium, which are efficient 
catalysts in hydrogenation reactions, deuterium is exchanged for hydrogen in successive 
reactions, of which the first is:

C2H6(g) + D2(g) ⇋ C2H5D(g) + HD(g)

It is found that the experimental data is explained by supposing that the metal surface covers 
itself with a layer of activated molecules of deuterium. The advantage of studying such exchange 
reactions is that the stabilities of hydrides and deuterides are equal, and hence attention may be 
focused exclusively on the surface conditions.

Catalysis is said to be negative when the catalyst reduces or stops the reaction. The preferred 
term is inhibition and it can be useful in industry for controlling or stopping unwanted reactions.

In some cases, inhibitors are believed to work by interfering with chain reactions 
(Chapter 10). For example, the reaction between hydrogen and chlorine in the gas phase is 
believed to take place by the following chain reaction:

Cl2 → 2Cl• (initiated by ultraviolet radiation)

H2 + Cl• → HCl + H•

H• + Cl2 → HCl + Cl•
Nitrogen trichloride is an inhibitor for this reaction since it reacts with the chlorine atoms 
(radicals).

NCl3 + Cl• → 1
2 N2 + 2Cl2
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In heterogeneous catalysis, the reactions take place on the surface of the catalyst. Therefore, the 
atoms or ions buried inside the catalyst play no role in the catalysis, and an effective catalyst 
should have as many atoms or ions on the surface as possible.

Nanoparticles, such as gold nanoparticles, are ideal catalysts since they consist of clusters of 
only a few hundred atoms. Most of the gold atoms are located at the nanoparticle surface, ready 
to be involved in the catalytic reactions.

The use of metals in catalytic converters
Palladium, platinum and rhodium are common catalysts that are used in catalytic converters. Because 
of the value of these metals, catalytic converter thefts are on the rise. How do crimes such as this 
influence the global economy? 

Thieves around the world have targeted catalytic converters (Figure 22.41) located in the 
exhaust system under the vehicle – because of the high value of the precious metals they 
contain. The prices of these metals have been steadily rising and the demand for catalytic 
converters is rising. Metal thefts often correlate with high metal prices. The effect on the global 
economy during times of theft is an increase in insurance claims by car owners and an increase 
in business for garages which have to repair the damaged cars and install a new catalytic 
converter. Some states in the US have passed laws requiring that someone wanting to sell a 
catalytic converter provide documentation of legitimate ownership.

■■ Nanocatalysts
A nanocatalyst is a substance or material with catalytic properties that has at least one 
nanoscale dimension, either externally or in terms of internal structures. Generally, catalysts 
that are able to function at the atomic scale are nanocatalysts.

Physical and chemical properties
The particle position can be controlled increasing the reaction stability and controlling 
mechanism of formation. Nanocatalysts have a controllable exposed atomic structure and a 
uniform dispersion. Nanocatalysts (Figure 22.42) show strong catalytic activity and great stability.

ToK Link
Some materials used as effective catalysts are toxic and harmful 
to the environment. Is environmental degradation justified in the 
pursuit of knowledge?

Catalytic converters
Vehicle exhaust fumes contains a number of toxic pollutant gases. 
Under ideal conditions the fuel, for example petrol, would undergo 
complete combustion to form carbon dioxide and water vapour only:

C8H18(l) + 12 
1
2

 O2(g) → 8CO2(g) + 9H2O(l)

However, incomplete combustion leads to the production of the 
toxic gas carbon monoxide and unburnt hydrocarbon molecules 
which are carcinogenic (cancer forming).

At the high temperatures and pressures in an engine, oxygen combines 
with nitrogen from the air to give toxic and acidic oxides of nitrogen:

N2(g) + O2(g) → 2NO(g)

2NO(g) + O2(g) → 2NO2(g)

Many cars (automobiles) are now fitted with catalytic converters which 
reduce both types of air pollution. A converter consists of an expansion 
chamber which contains a mixture of catalysts supported on a fine 

honeycomb aluminium oxide mesh. Rhodium metal (a transition metal) 
catalyses the reduction of the oxides of nitrogen to nitrogen:

2NO(g) → N2(g) + O2(g)

The other catalyst, usually platinum or palladium, catalyses the 
oxidation of carbon monoxide and unburnt hydrocarbons into 
carbon dioxide:

2CO(g) + O2(g) → 2CO2(g)

The oxygen for this process is supplied by the first process.  
A catalytic converter must be used with unleaded petrol. Leaded 
petrol contains lead compounds (to promote smooth burning) which 
will irreversibly destroy the efficiency of the catalytic converter.

Platinum, palladium and rhodium are expensive metals and are 
frequently recycled when the car is scrapped. However, new research 
shows that they are polluting the atmosphere instead. Italian and French 
researchers have found dangerous heavy metals from converters far 
away from their sources, in remote regions of Greenland. They found 
that concentrations of the metals in the ice rose steadily since 1976. The 
ratio of platinum to rhodium resembles the ratio of these metals in car 
exhausts. This suggests that the pollution comes from cars.

■■ Figure 22.41  

Old catalytic convertor 
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Catalytic activity
This is a very important factor in choosing a nanocatalyst. The porous 
nanostructure provides a high surface to volume ratio and hence greatly 
increases the catalytic activity.

For example, in a direct methanoic fuel cell, carbon monoxide poisoning 
significantly limits the catalytic activities of platinum/ruthenium and platinum/
palladium alloys for methanoic acid oxidation. One solution to this poisoning is 
to use a nano-based catalyst on a carbon support.

Stability
Stability is one of the most important properties of nanocatalysts. The stability 
helps in achieving the desired size of nanoparticles with uniform dispersion on a 
substrate, such as carbon. Nanocatalysts, such as platinum, can be stabilized by 
stabilizing agents such as surfactants, ligands or polymers.

Effects of temperature and pressure on nanocatalysts
The melting point may be lower than that of the original metal species. For example, platinum 
has a melting point of around 2000 K but a nanocatalyst made up of platinum has a melting 
point of around 1000 K.

There is the possibility of using these nanocatalysts in the liquid phase. In the case of fuel 
cells it may penetrate through the layers to increase the surface area of reaction.

Advantages of nanocatalysts
These advantages are related to the intrinsic properties of the material: surface area, charge and 
size. Since nanocatalysts are composed of very small particles, this property creates a very high 
surface to volume ratio. This increases the activity of the catalyst since there is more surface to 
react with the reactants. Some nanocatalysts can develop partial and net charges that help in 
the process of making and breaking bonds at a more efficient scale.

Description of the benefits of nanocatalysts in industry
The benefits of nanocatalysts in industry include the increased selectivity and activity of 
catalysts by controlling pore size and particle characteristics and replacement of precious 
(expensive) metal catalysts by catalysts tailored at the nanoscale and use of base (cheaper) 
metals, thus improving chemical reactivity and reducing process costs. Catalytic membranes 
can be designed and synthesized that can remove unwanted molecules from gases or liquids by 
controlling the pore size and membrane characteristics.

22.4 Liquid crystals – liquid crystals are fluids that have physical 
properties which are dependent on molecular orientation relative to some fixed axis in 
the material

■■■■ Introduction
‘Smart windows’ based on liquid crystal films are currently being used in 
Singapore in the light rail transit (LRT) train (Figure 22.43). The main 
objective is to fog the windows when the LRT train passes residential flats to 
protect the privacy of the residents. The liquid crystals are dispersed as micro-
droplets in a transparent plastic film between glass plates. The liquid crystals 
react to an application of a voltage by aligning in a parallel manner and letting 
light pass. The reverse is true – when no voltage is applied the liquid crystals 
in the film orient themselves randomly and the windows become opaque. 
Although this technology allows for manual control, there are no intermediate 
settings. In other words, the windows can only be transparent or opaque, 
with no gradation between. This is a function of the way the device has been 
constructed and is typical of polymer dispersed liquid crystal technology.

■■ Figure 22.42 Reacting molecules on 

the surface of a nanocatalyst

■■ Figure 22.43 LRT coach with ‘smart 

windows’
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Liquid crystals are used as temperature and pressure sensors (though they are generally less 
sensitive to pressure) and as the display element in digital watches, calculators, TVs and laptop 
computers. They can be used for these applications because the weak intermolecular forces that 
hold the molecules together in the liquid crystalline state are easily overcome (‘broken’) by changes 
in temperature and applied fields.

Nature of Science Discovery of liquid crystals

In 1888 the Austrian botanist Friedrich Reinitzer (1857–1927) (Figure 22.44) noticed that 
crystals of cholesteryl benzoate melted at 145.5 °C to form a cloudy liquid, which remained in 
existence up to 178.5 °C, where it changed again to form a clear liquid. The cloudy liquid was 
the first example of a liquid crystalline phase. Figure 22.45 shows the molecular structure of 
cholesteryl benzoate, an ester of cholesterol and benzene carboxylic acid. With the help of a 
German physicist, Otto Lehmann, the two scientists were able to determine that this cloudy 
liquid was a new state of matter and gave it the name ‘liquid crystal’. 

■■ Figure 22.44 
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■■ Figure 22.45 The structure of cholesteryl benzoate
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The liquid crystal state
The solid and liquid states of matter were discussed in Chapter 1. When a crystalline solid 
melts, the ordered lattice arrangement of the particles is broken down, being replaced by the 
more disordered state of the liquid. Whereas in a solid the particles can only vibrate about 
a fixed point in a lattice, in a liquid they are able to move. However, some crystalline solids, 
when heated, melt to give a turbid (cloudy) phase which is fluid but retains some of the order 
of the solid state. On further heating this turbid phase changes to the normal clear liquid.

solid crystal  liquid crystal  liquid
      melting temperature           clearing temperature

This turbid state of matter has properties intermediate between those of the solid and liquid 
states, and is called the liquid crystal state. It should be noted that a liquid crystal is a 
thermodynamically stable state of matter and there is a defined temperature transition; the 
‘intermediate properties of solid and liquid’ do not mean it is a mixture of liquid and solid 
corresponding to a slow transition over a large interval of temperature. 

It should also be noted that a molecule is not a liquid crystal in the same way that a molecule 
is not a solid or a liquid. Liquid crystal is a bulk property which cannot be attributed to a single 
molecule. The correct terminology is that this material forms a liquid crystal phase over a certain 
temperature range (or certain conditions). If a material can form a liquid crystal phase, then chemists 
say it is mesomorphic, a name also often given to the molecule itself. This is particularly important 
for lyotropic liquid crystals such as soap and cell membranes. They are not liquid crystal materials 
in usual conditions (home use, in the body) because they are not bulk material. Nevertheless, their 
molecular component can form liquid phases in certain given conditions. The applications of liquid 
crystals can now be seen in many areas of modern living and in the biological world.

There are many different types of liquid crystal phases, which can be distinguished by their 
different optical properties. When viewed under a microscope using a polarized light source, different 
liquid crystal phases will appear to have distinct textures. The sample is illuminated with polarized 
light and then viewed through an analyser, with polarizer and analyser being at 90° to one another. 
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The contrasting areas in the textures correspond to domains, where the liquid crystal molecules 
are orientated in different directions. Within a domain, however, the molecules are well ordered.

The effect of liquid crystals on polarized light is central to the application of these molecules 
in liquid crystal displays.

Explanation of liquid crystal behaviour on a molecular level
Instead of passing from the solid phase to the liquid phase when heated, some substances pass 
through an intermediate liquid crystalline phase that has some of the structure of crystalline 
solids and some of the freedom of the motion (flow) of liquids. Because of the partial ordering, 
liquid crystals may be viscous and have properties intermediate between those of solids 
and liquids. The region in which they show these properties is marked by sharp transition 
temperatures.

■■ Liquid crystal displays
The displays on many everyday items, such as calculators and digital alarm clocks, depend on 
liquid crystal technology. Two classifications of liquid crystals are known, which are referred to 
as thermotropic and lyotropic liquid crystals – they both consist of molecular species or salts. 
Thermotropic liquid crystals exhibit transitions between the solid, liquid crystal and normal 
(isotropic) liquid phases with variation in temperature (as discussed for cholesteryl benzoate). 
Lyotropic liquid crystals exhibit phase transitions as a primary function of the concentration 
of the liquid crystal molecules in a solvent (typically water) in addition to the action of 
temperature. Liquid crystal display (LCD) devices are based on thermotropic liquid crystals and 
the combination of the order of a solid and the fluidity of a liquid confers unique and useful 
properties. For example, in LCDs, a small electric field can alter optical properties by changing 
the orientation of some of the molecules and, as a result, some areas of the display become dark 
while others remain light, allowing the shapes of the different numbers to be displayed. Over 
the past 40 years liquid crystals have gone from being an academic curiosity to the basis of big 
business and, in 2014, global sales of LCDs was in excess of $200 billion.

On heating, the directional consistency of orientation is lost and the normal liquid state 
is formed where the molecules have too much kinetic energy to be constrained in the same 
alignment by the intermolecular forces. The challenge to research in the early stages of this 
technology was to find molecules capable of this behaviour, particularly over a temperature 
range that included room temperature. Examples of liquid crystals can be found both in the 
natural world and in technological applications. Most modern electronic displays are liquid-
crystal based.

The issue in making commercially useful displays is in having low viscosity materials with 
the correct optical and dielectric properties and chemical stability. More than that, it was 
recognized that these properties would be extremely unlikely to occur together in a single 
compound and so displays use mixtures of compounds.

Lyotropic liquid crystalline phases are abundant in biological systems and also in 
the world around us, turning up as soaps and detergents. For example, many proteins 
and components of cell membranes are liquid crystals. Other well-known liquid crystal 
examples are solutions of soap and various related detergents, and the tobacco mosaic 
virus. DNA solutions and the concentrated protein solution extruded by spiders to form 
silk fibres (Figure 22.46) were found to form liquid crystal states under certain conditions. 
Intriguingly, in this latter case the water molecules appear to act as a plasticizer in enabling 
the silk fibres to move over each other as the web is woven. This phenomenon may well 
be related to the level of organization required for the self-organization of certain complex 
biological structures.

Further, the fact that the fibres are spun in the liquid crystal phase means that the 
polymer chains of which they are constituted are aligned parallel to one another over large 
length scales and it is this that gives the silk its tensile strength (the same is true for the 
plastic Kevlar).

There are several specific terms applied to the liquid crystal state. Thermotropic is when 
phase changes are accomplished using temperature in the absence of solvent. In this state 
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the molecules retain orientational order and, in some cases, partial positional order. Where 
there is only orientational order, the phase is termed nematic and this liquid crystal state 
produces thread-like patterns when viewed in polarized light (or better – between crossed 
polarisers) under a microscope. This is known as a nematic liquid crystal state (from the 
Greek nemat meaning ‘thread’).

A thermotropic liquid crystal state is where a substance displays a turbid state over a short 
temperature range after the solid has melted. In this fluid, but turbid, state the molecules retain a 
degree of organization or orientation in one dimension (Figure 22.47). 

Certain molecules produce liquid crystal states in solution (usually in water). Here the liquid 
crystal state is a function of both concentration and temperature and is referred to as a lyotropic 
liquid crystal state. 

■■ Thermotropic and lyotropic liquid crystals
Molecules that show thermotropic liquid crystals are all typically long, thin, rigid, polar organic 
molecules with a rigid core and one or more flexible chains. Figure 22.47 shows the behaviour of 
such ‘rod-like’ molecules as the temperature increases around the transition between solid and 
liquid. As the substance changes from the solid state to the liquid crystal state, the arrangement 
of the molecules is more irregular, but the orientation is approximately the same. The analogy 
of putting a large number of pencils in a closed rectangular box has been used – imagine them 
being shaken.

■■ Figure 22.47  
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Thermotropic liquid crystals are formed in a temperature range between the solid and liquid state.

Liquid – the molecules have an
irregular arrangement and 

orientation

When the box is opened, the pencils will still be facing in about the same direction, but there 
will be no definite spatial organization. They are free to move, but generally line up in about the 
same direction. This gives a simple model of the nematic type of a liquid phase. The molecules 
are randomly distributed, as they are in a liquid, but the intermolecular forces are sufficiently 
strong to hold the molecules in one orientation. It is the nematic state of liquid crystals that is 
found in the vast majority of LCDs.

The formation of a liquid crystal state by the silk fibroin protein in solution demonstrates a 
further aspect of the liquid crystal phenomenon. The liquid crystals formed by pure substances 
over a certain temperature range after melting are called thermotropic liquid crystals 
(Figure 22.47). However, some substances can form a type of liquid crystal state in solution. 
This is a different set of circumstances in which the molecules are present as the solute in a 
solution. At low concentrations, the molecules generally have a disordered orientation and an 
irregular arrangement. If the concentration is increased sufficiently, the molecules will adopt an 
ordered structure and solid crystals will form. At intermediate concentrations, a lyotropic liquid-
crystal state may be possible where the molecules have an irregular arrangement with a regular 
orientation (Figure 22.48). The level of organization in this state can be disrupted by changing 
either the temperature or the concentration of the system.
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Lyotropic liquid crystals are found in many everyday situations. Soaps and detergents, for 
example, form lyotropic liquid crystals amphiphiles, meaning the molecules have a polar 
hydrophilic (‘water loving’) end and a non-polar hydrophobic (‘water hating’) end.

Many biological membranes also display lyotropic liquid crystalline behaviour. The molecules 
that can form a lyotropic liquid crystal state generally consist of two distinct parts – a polar, often 
ionic, ‘head’ and a non-polar, often hydrocarbon, ‘tail’ (Figures 22.49a and 22.49c). When dissolved 
in high enough concentrations in water, the molecules arrange themselves so that the polar heads 
are in contact with the polar solvent, water, in an arrangement called a micelle (Figure 22.49b).

■■ Figure 22.48 
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■■ Figure 22.49  
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■■ Phase diagrams for liquid crystals
Figure 22.50 demonstrates the various phases a water-soluble liquid crystal can possess and their 
transitions between boundaries through different composition and temperatures. At certain 
concentrations they exhibit liquid crystal properties; at other concentrations they do not. 
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These phases are typical of amphiphiles or surfactants, such as soaps and detergents. Surfactants 
are compounds that lower the surface tension (or interfacial tension) between two liquids or 
between a liquid and a solid.

In dilute solution, the surfactants do not form any particular structure. As the 
concentration is increased, however, the amphiphiles condense into well-defined structures. 
The most readily formed structure is the micelle, where the surfactants ‘hide’ the 
hydrophobic tails inside a sphere, leaving only the water-soluble ionic heads exposed to the 
water molecules.

At higher concentration, surfactants can also form elongated columns that pack into 
hexagonal arrays. The columns have hydrophobic cores and hydrophilic surfaces. The columns 
are separated from one another by water molecules.

At extremely high concentration, the surfactants crystallize into a lamellar structure, with 
elongated sheets separated by thin water layers. The structure is very reminiscent of the lipid 
bilayers seen in cells.

■■ Liquid crystal devices
From the discussion above we have learnt about the molecular requirements 
for a substance to show liquid crystal properties under suitable circumstances. 
4'-Pentylbiphenyl-4-carbonitrile is a commercially available nematic liquid 
crystal of the type used in LCDs – the compound has the structure shown in 
Figure 22.51.

4'-Pentylbiphenyl-4-carbonitrile is used in LCD devices (though mixtures 
of related compounds are often used in practice) because it shows the following 
appropriate properties:

■ it is chemically stable
■ it has a liquid crystal phase stable over a suitable range of temperatures
■ its molecules are polar, allowing it able to change its orientation when an electric field is 

applied
■ it responds to changes of voltage quickly – it has a fast switching speed courtesy of a low 

viscosity and high dipole moment.

The rod-like molecules of 4'-pentylbiphenyl-4-carbonitrile are suitable for LCDs because their 
ability to transmit light depends on their relative orientation. The molecule is polar, so its 
orientation can be controlled by the application of a small voltage across a small film of the 
material. When there is no applied voltage, light can be transmitted and the display is clear. 
When a small voltage is applied, the orientation of the molecules changes and light can no longer 
be transmitted through the film. The display then appears dark. The areas of the display that are 
light and dark can thus be controlled, enabling different shapes to be displayed (Figure 22.52).

■■ Figure 22.50 Typical 
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The skin thermometer shown in Figure 22.53 uses 
materials that are chiral and show a chiral nematic phase. 
This adopts a helical arrangement and the wavelength of light 
reflected is proportional to the helical pitch, which is typically 
in the region 400–700 nm (visible light). This is also the basis 
for the colour effect on the shells of scarab beetles. The pitch 
is temperature dependent, decreasing as the temperature 
increases.

An LCD TV is a flat-panel television that uses LCD 
technology. Electric voltage is applied to individual pixels, 
which allow the liquid crystals to pass or to block light to 
create images. LCDs do not produce their own light, so an 
external light source, such as a fluorescent bulb, is needed 

for the image created by the LCD to be visible to the viewer. Unlike historical CRT (cathode-
ray tube; Chapter 2) televisions, there are no phosphors that light up and this is why LCD 
panels are thin and require less power to operate. Because of the nature of LCD technology, 
there is no radiation emitted from the screen itself, unlike traditional televisions. Also unlike 
a traditional CRT television, the images on an LCD television are not scanned by an electron 
beam. The pixels of an LCD television, which constitute the image, are merely turned on or off 
in a particular sequence and at a particular refresh rate. Note that the pixels also contain colour 
filters.

■■ Generation of liquid crystal displays
LCDs come in a variety of designs but often a thin layer (5–20 μm) of liquid-crystalline materials 
is placed between electrically conducting transparent glass electrodes (the conducting layer is 
indium tin oxide). Ordinary light passes through a vertical polarizer that permits light waves 
vibrating in only the vertical plane to pass. 

During the fabrication process, the liquid crystal molecules are orientated so that the 
molecules at the front are orientated vertically and those at the back electrode horizontally. The 
orientation of the molecules in between the two electrodes varies systematically from vertical to 
horizontal, as shown in Figure 22.54a.

The plane of the polarized light is turned by 90 degrees as it passes through the liquid crystal 
layer and is therefore in the correct orientation to pass through the horizontal polarizer.

In an LCD watch display, a mirror reflects the light back, and the light retraces its path, 
allowing the device to look bright. When a voltage is applied to the plates, the liquid crystal 
molecules align with the voltage, as shown in Figure 22.54b. 

■■ Figure 22.54 
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(Strictly those molecules close to the surface do not reorientate as their surface anchoring holds 
them in the ‘vertical’ and ‘horizontal’ orientations, and so only those molecules in the middle of the 
device reorientate, but this is enough to give the necessary contrast. Having those close to the surface 
anchored ensures that the twisted arrangement is re-established when the voltage is removed.)

The light rays are therefore not properly orientated to pass through the horizontal polarizer, and 
the device appears dark. This type of device configuration is known as a twisted nematic display.

There is an energy efficiency disadvantage of LCDs, as the light source is not polarized: the 
necessity of the polarizer results in about half of the light not being used (it is simply absorbed by the 
polarizer). Also, it is necessary to have the backlight continuously on, which results in light leakage 
(not perfect polarizer/liquid crystal cell) and hence poor black and limited contrast. This explains why 
other technologies are still being researched, in particular organic light-emitting diodes (OLEDs).

Discussion of the properties needed for a substance to be used in LCDs
It essential for molecules of a potential liquid crystal to be polar so that they can be orientated in the 
presence of a weak electric field. The molecules also need to be long, rigid and rod-shaped which will 
prevent them for packing too closely together. It is also helpful if the molecule is chemically stable 
and will not undergo decomposition in the presence of ultraviolet radiation or at high temperatures.

■■ Lyotropic liquid crystal polymers
Another type of liquid crystal is the lyotropic liquid crystal polymer. These polymers will enter 
the liquid crystal phase by exposure with solvents. 

If a polymer is to be a lyotropic polymer, it must be fairly rigid and must dissolve in a solvent. 
These two requirements are often mutually exclusive as the rigid structure is usually not soluble. 
Hence, solvents such as sulfuric acid are often required.

Worked example

Examine Figure 22.55 and deduce which of the following substances is most likely to exhibit liquid-
crystalline behaviour.

CH2 C

O

O–Na+

a

b

c

CH2CH2 N N C O CH3

O

CH3

CH3 CH2 C CH2 CH2 CH3

CH3

CH3

■■ Figure 22.55 Selected molecules

Molecule a is not likely to show liquid crystalline behaviour in bulk because it does not have a long axial 
structure. 

Molecule b has the characteristic long axis and types of structural features often seen in liquid crystals, such 
as polarity.

Molecule c is ionic; the generally high melting points of ionic substances and the absence of a characteristic 
long axis make it unlikely that this substance will show liquid crystalline behaviour – though since it is 
amphiphilic it may show lyotropic behaviour.
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An example of a lyotropic liquid crystal is the fibre Kevlar. Kevlar (see section 22.9) is a 
high-performance fibre and it is perhaps the most well-known liquid crystal polymer, with 
many applications from protective wear to aerospace. When dissolved in oleum (fuming 
sulfuric acid), at the appropriate concentration and temperature, Kevlar forms a liquid 
crystal phase. The liquid crystal solutions are then sheared, which aligns the polymer chains 
and then fibres are spun. The alignment of the polymer chains, which is possible owing to 
the presence of the liquid crystal state, confers the tensile strength on the material.

ToK Link
Moore’s law is a famous statement made by Gordon Moore, founder of Intel, in 1965. Moore’s law states 
that the complexity of integrated circuits (as measured by the number of components that make up 1 cm2 
of an integrated circuit) doubles every year. So clearly electronic devices can store increasing amounts of 
information in smaller physical spaces in digital form.

While new technologies make it possible to move more information faster than ever before, we should ask 
questions about the quality of the information: what is it that we are communicating? Is it relevant? And 
does all this information add up to knowledge and benefit for mankind?

22.5 Polymers – polymers are made up of repeating monomer units which 
can be manipulated in various ways to give structures with desired properties

Polymers are molecules of very high molar mass, each molecule being formed from a large 
number of small molecules known as monomers. The process by which monomers are covalently 
bonded to form a polymer is known as polymerization. There are two major classes of polymers: 
addition polymers and condensation polymers. Plastics are artificial polymers and rubber, cotton 
and wool are natural polymers.

Nature of Science Development of polymer chemistry

Up until the 1920s there was little understanding of the molecular structure of these new 
materials. It was generally assumed that the small molecules from which they were made simply 
aggregated together into larger units rather than joining covalently to make larger molecules. It 
was the German chemist Hermann Staudinger who first recognized that polymers are made up of 
very large molecules. Another chemist who contributed greatly to the understanding of polymers 
as giant molecules was the American Wallace Carothers, the discoverer of nylon and neoprene.

The development of a comprehensive understanding of the structure and properties of 
polymers and the advancement in scientific techniques such as X-ray diffraction and the scanning 
tunnelling microscope (STM), infrared spectroscopy, NMR, neutron scattering and chemical 
techniques marked the start of a revolution in polymer chemistry. The ‘hit or miss’ approach to 
polymer synthesis was largely superseded and became much more rigorous and focused. 

■■ Addition polymers
One main use of the alkenes obtained from cracking crude oil fractions is to make addition 
polymers such as polyethene and polypropene. An introduction to the concept of addition 
polymerization is given in Chapter 10. 

Modern society now relies heavily on these different types of addition polymers. Their 
properties depend not only on which functional groups are attached to the carbon–carbon 
double bond in the monomers, but also on the degree of branching and the way in which the 
side-groups are arranged in the polymers. The properties can be further modified by using more 
than one monomer in the same chain (copolymers), by using additives such as plasticizers and by 
the injection of volatile hydrocarbons during their production.

Branching
The simplest addition polymer, polyethene, has chains that can partially align in the solid state 
to produce regions of crystalline structure. It is this mixture of crystalline and amorphous (non-
crystalline) structures that gives the plastic its mechanical properties, particularly its toughness. 
The ability of the chains to form this semi-crystalline structure depends in part on whether 



 22.5 Polymers 43

Chemistry for the IB Diploma, Second Edition © Christopher Talbot, Richard Harwood and Christopher Coates 2015

they are completely linear or contain branches. By controlling the reaction conditions during 
ethene polymerization, it is possible to form many different structures with varying degrees of 
branching. If ethene is polymerized at very high pressures, the reaction proceeds by a free-radical 
mechanism. Branched polymer chains are produced (Figure 22.56a) with many rather short (C4) 
branches and a few longer ones.

This branching makes for an ‘open’ structure as it limits the interaction between neighbouring 
chains, and the intermolecular forces between the chains are only relatively weak dispersion 
(London) forces. The resulting low-density polymer (0.91–0.94 g cm−3) has a low melting point 
(around 100 °C) and is a resilient and flexible plastic. Only about 50–60 per cent of the plastic is 
crystalline. Low-density polyethene (LDPE) is mainly used for making films for food packaging 
and damp-proofing membranes, but it also finds use in items such as ‘squeezy’ bottles.

More linear and less branched forms of polyethene are formed by using special transition-
metal based catalysts (Ziegler–Natta catalysts) in reactions at lower temperatures. Some catalysts 
can produce more or less perfectly linear chains with no branching (Figure 22.56b). These linear 
chains can pack together better than the branched chains of LDPE and give a more crystalline 
structure. In this high-density polyethere (HDPE) the molecules have straight chains and the 
plastic is more rigid because there is a higher fraction of crystalline material. This high-density 
form (0.95–0.97 g cm−3) has a higher melting point (about 115 °C). This form of polyethene is 
used to make films for applications such as supermarket carrier bags, but it is also used for water 
pipes, containers, buckets and toys.

The highly branched LDPE and the non-branched HDPE are two extremes. It is possible to 
produce a range of types of polyethene with varying properties by modifying the extent and 
location of branching, and there are now a huge number of grades of polyethene available with 
properties varying from extremely soft and rubbery to stiff and rigid. Polyethene is the most 
versatile of all plastics.

Orientation of side-groups
The propene monomer has a methyl group in its molecule that is not 
present in ethene. Polypropene, therefore, has a structural feature not 
present in polyethene. Different orientations of the methyl side-groups 
can produce products with differing characteristic properties. The way 
in which each methyl group is stereochemically positioned, relative to 
the groups on each side of it, is referred to as the tacticity of the polymer 
and is vital in controlling whether and how the chains can crystallize.

A form of polypropene can be produced in which the methyl 
groups are randomly orientated – the atactic form (Figure 22.57b). 
In this form, the random orientation of the methyl groups prevents 

■■ Figure 22.56 a The branched nature of the chains in low-density polyethene (LDPE) makes for a flexible plastic product. In 

general, LDPE has about one C4–C6 branch per 100 carbon atoms of the chain, with the occasional longer branch. b The unbranched 

chains in high-density polyethene (HDPE) make for a more crystalline structure and a more rigid plastic
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crystallization. This form of the polymer is soft, flexible and rubbery. It finds limited uses in 
sealants, adhesives and some speciality paints.

If the methyl groups can all be orientated on the same side of the polymer chain 
in a highly regular (stereoregular) manner then we obtain a polymer which is said to 
be isotactic (Figure 22.57a). As a result of its regular structure, isotactic polypropene is 
semi-crystalline and tough. It has a higher melting point (165 °C) than HDPE. Isotactic 
polypropene can be moulded into objects such as car bumpers (Figure 22.58) and plastic 
toys, or drawn into fibres for clothes and carpets.

It is also possible to obtain a syndiotactic polymer in which the methyl groups 
alternate stereochemically along the chain. This form of polypropene is also semi-
crystalline and tough, but is more difficult to synthesize than the isotactic form and is 
quite new to the market.

The product of the propene polymerization reaction can be controlled by using 
different catalysts. This allows chemists to tailor-make polymers with precise 
properties. Ziegler–Natta catalysts are almost universally used and produce the 
isotactic form. Catalysts which make isotactic polypropene are typically heterogeneous. 
The monomer binds to the catalyst surface with the correct orientation to produce the 
more ordered polymer.

In theory, any polymer with a single substituent, such as polyvinyl chloride (PVC), 
can also exist in isotactic, syndiotactic and atactic forms. However, very high degrees of 
stereocontrol are needed for a polymer to be able to crystallize and most stereoregular 
polymers are very difficult or impossible to synthesize because of side reactions between 
monomer and catalyst which destroy the catalyst activity.

■■ ■■Elastomers
Most materials when stressed to an extension return 
to their original length or dimensions when the force 
(stress) is removed. When this critical extension (the 
elastic limit) is exceeded, the deformation (change 
in shape or length) becomes non-reversible – plastic 
behaviour – or causes a fracture (in glass and metals).

For most materials the elastic limit is very 
small. However, elastomers, such as natural rubber 
(Figure 22.59) and poly-2-methylpropene, behave 
differently: they can extend reversibly up to as much as 
ten times their original length. Elastomers are lightly 
cross-linked polymer networks and the structure is 
able to rearrange by rotation of the covalent bonds 
in the main polymer chain. When a polymer chain 
is stretched (elongated), the entropy (Chapter 15) 
decreases. The force which pulls the polymer chain to 
return to the un-deformed state comes from the return 
to maximum entropy on contraction.

Rubber
The rubber tree (Hevea brasiliensis) is indigenous to 
South America but was taken to South East Asia in 
the early 18th century by European colonists. When 
its bark is stripped, it oozes a sticky latex, which is 
an emulsion of rubber in water. The purified rubber 
is not useful in its natural form because it has a low 
melting point and low strength. Rubber is an addition 
polymer (Figure 22.60) of the diene 2-methylbutadiene 
(commonly known as isoprene) – a ‘building block’ of a 
number of biomolecules, including the carotenes.

■■ Figure 22.58 Car bumpers 

can be made of the isotactic 

form of poly(propene)

■■ Figure 22.59 Unstretched and stretched rubber

chains straight
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■■ Figure 22.60 Isoprene undergoing addition polymerization to 

form rubber
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Note that when a diene undergoes addition polymerization, a double bond is still present in the 
product. The double bond may be in the cis or trans configuration. In natural rubber, all the double 
bonds are in the cis configuration. The naturally occurring substance called gutta percha is an isomer 
of rubber, in which all double bonds are trans. Gutta percha is harder than rubber and thermoplastic. 
It was used in the past to make the cores of golf balls, drinking vessels and other moulded objects.

The presence of the double bond in rubber allows further addition reactions to take place. This 
is what occurs during the process known as vulcanization. Sulfur atoms can be regarded as adding 
across the double bonds in different chains, cross-linking the rubber molecules (see Figure 22.61). 
This stops the chains from moving past each other, and gives the material more rigidity.

■■ Figure 22.61 
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Not all double bonds have sulfur added to them since that would make the substance too 
hard. About 5% sulfur by mass is sufficient to give the desired physical properties. Millions of 
tonnes of vulcanized rubber are made each year for the manufacture of car tyres.

Synthetic rubber-like polymers were developed when rubber was in short supply during the 
Second World War. The most commonly used one today is a copolymer of phenylethene and 
butadiene, called styrene-butadiene rubber (SBR). 

■■ Deduction of structures of polymers formed from polymerizing 
2-methylpropene

2-Methyl propene can undergo polymerization to form poly-2-methylpropene (Figure 22.62), 
commonly known as poly-isobutylene. It is a synthetic rubber and an elastomer. It has the 
important and useful property of being the only rubber that is gas impermeable. It is used to 
make the inner liners of tyres and balls such as basketballs.

A more widely used synthetic rubber is butyl rubber, a copolymer (Figure 22.63) of 
isobutylene and isoprene (i.e. a polymer built of isobutylene and isoprene (2-methyl-1, 
3-butadiene) units).

■■ Figure 22.62 
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■■ Figure 22.63 

Repeating subunit of 

co-polymer of poly-2-

methylpropene and 

2-methyl-1,3-butadiene

CH2 C

CH3

CH3

CH2
0.985n

C CH CH2
0.015n

CH3

Butyl rubber consists primarily of isobutylene and minor amounts of  
isoprene. Polymerization of isoprene results in the incorporation of an alkene (i.e. 
carbon–carbon double bond) into the polymer chain. These double bonds serve 
as cross-linking sites (i.e. sites where one polymer chain can be chemically linked 
to another). 

Vulcanization of the butyl copolymers results in the formation of a network 
structure in the form of a cross-linked rubber (Figure 22.64). Butyl rubber is 
a thermoset polymer and once vulcanized it cannot be reformed into a new 
shape. Poly-isobutylene is a thermoplastic polymer and can be reshaped  
by application of heat/pressure since none of the individual chains are 
chemically linked.■■ Figure 22.64 Cross-linked sulfur 
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■■ The use of plasticizers in PVC and hydrocarbons in the 
formation of expanded polystyrene

Plasticizers
Polychloroethene (more usually referred to as polyvinyl chloride or PVC) has properties that are a 
consequence of the side-group being a chlorine atom. The presence of the polar Cδ+−Clδ− bonds 
in the polymer gives polyvinyl chloride very different properties from those of polyethene or 
polypropene. Every molecule has a permanent dipole allowing strong dipole–dipole interactions 
to occur between neighbouring chains. Also, chlorine atoms are relatively large and this restricts 
the ability of the chains to move relative to each other. The normal free-radical synthesis of PVC 
produces an atactic polymer which is amorphous. The consequences of these factors make the 
pure polymer hard, stiff and brittle. In this form it is often called unplasticized PVC (UPVC) – it 
has very wide applications in products such as window frames, gutters and sewage pipes.

However, when plasticizers, such as di-2-ethylhexylhexanedioate, are added (Figure 22.65) they 
act as lubricants and weaken the attraction between the chains, making the plastic more flexible. 
The plasticizer molecules fit between the polymer chains and separate them, allowing them to slip 
relative to each other more easily. By varying the amount of plasticizer added, a range of polymers 
can be produced with properties to suit particular purposes requiring rigidity to being fully pliable. 
Plasticized PVC is widely used in cable insulation (flex) and floor tiles and as a soft fabric coating.

■■ Figure 22.65 a A plasticizer used in the manufacture of PVC – di-2-ethylhexylhexanedioate. b The 

plasticizer molecules separate the polymer chains, allowing them to move freely past one another
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■■ Figure 22.66 

Styrofoam cups

Volatile hydrocarbons (blowing agents)
Polyphenylethene – also known as polystyrene – is another common addition polymer. It is 
atactic and amorphous because it is normally made by free-radical polymerization. One version 
of the polymer is produced by dispersing the monomer as tiny droplets in water and polymerizing 
to give tiny beads of solid polymer. If this process is carried under a pressure of pentane, the 
hydrocarbon becomes trapped in the polymer beads. These can be loaded into a mould, which is 
heated. The polymer softens and the pentane vaporizes to produce an expanded foam structure 
with very low density, known as expanded polystyrene. This light material is a very good 
thermal insulator (Figure 22.66) and is used in many applications, including coffee cups. It is 
also used as packaging because it has good shock-absorbing properties, and in making theatre 
sets because it can easily be carved into shapes and is very light.

■■ Description of ways of modifying the properties of polymers, 
including LDPE and HDPE

There are a number of ways of modifying the properties of polymers. The use of plasticizers and 
blowing agents has been described. Synthetic and natural fibres can also be blended, for example 
polyesters and cotton.
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Another important technique used to modify the properties of polymers is copolymerization. 
Polypropene becomes glass-like at a temperature of about −10 °C, but for some applications 
a polymer is needed with the same general properties as polypropene, but with a lower glass 
transition temperature. The glass transition temperature is the temperature at which a glass 
undergoes a change from an amorphous to a crystalline phase.

One method to prepare such a material is to add some ethene to the propene during 
the polymerization process. This is termed copolymerization and both monomers become 
incorporated into the final copolymer. Figure 22.67 shows a possible structure of a small section 
of the copolymer.

Ion implantation can also be used to change the properties of polymers. The technique 
involves bombarding the polymer with ions to alter the chemical, physical and even electrical 
properties of the polymer. The surface is modified but the material’s bulk properties are changed. 
The implanted ions can interact with the polar side-chains of polymers and increase the 
attraction between adjacent chains.

■■ Figure 22.67 Structure of poly(propene-co-ethene) copolymer
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■■ Thermoplastic and thermosetting polymers
Most of the plastics that we use, such as polyethene (‘polythene’), polychloroethene 
(polyvinylchloride or ‘PVC’) and polyphenylethene (‘polystyrene’), can be softened by heating and 
will then flow as viscous liquids – they solidify again when cooled. Such plastics are useful because 

they can be remoulded – they are known as thermoplastic 
polymers (or thermoplastics or thermosoftening polymers).

Another, more restricted group of polymers can be 
heated and moulded only once, for example melamine–
methanal resin (the material used in Formica). Such 
polymers are known as thermosetting polymers (or 
thermosets). The chains in these polymers are cross-
linked to each other by permanent covalent bonds 
(Figure 22.68) during the moulding or curing process. 
They make the structures rigid when moulded, and no 
softening takes place on heating.  
The term pre-polymer can be used to refer to the monomer 
or monomers of a thermosetting plastic. The process of 
polymerizing these monomers due to the formation of cross 
links is known as curing.

Many polymers are mixtures of crystalline (ordered) 
regions and amorphous (random) regions (Figure 22.69) 
in which the chains are further apart and have more 
freedom to move. A single polymer chain may have both 
crystalline and amorphous regions along its length.
Let us examine the ability of polymers to form crystalline 
regions.
■  Linear, unbranched, chain structures are most likely 

to form crystalline regions. Examples are isotactic 
polypropene, in which polymer chains pack closely 
together because the methyl groups, −CH3, are 
regularly spaced along the chain; and Kevlar, in which 
the absence of both branched chains and bulky side-
chains promotes the formation of crystalline regions.

■■ Figure 22.68 a Thermosetting and b thermoplastic polymers 

have different properties

a b

■■ Figure 22.69 Crystalline and amorphous regions of 

a polymer

crystalline region amorphous region
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■ Branched polymer chains are not easy to pack together in a regular manner, although if 
the branches are regularly spaced then some crystallinity is possible. Polychloroethene does 
not give rise to crystalline structures because the chlorine atoms are rather bulky and are 
irregularly spaced along the molecular chain.

■ Cross-linked polymer chains cannot pack in a regular manner because of the covalent links 
between the chains so crystallinity is not possible.

HDPE is composed of long molecules with very little branching – fewer than one side-chain 
per 200 carbon atoms in the main chain. The chains can pack closely together into a largely 
crystalline structure, giving the polymer a higher density (Figure 22.70). Compared with LDPE, 
HDPE is harder and stiffer, with a higher melting temperature (about 115 °C) and greater tensile 
strength. It has good resistance to chemical attack, is brittle at low temperature and has low 
permeability to gases.

■■ Figure 22.70  
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The properties of polymers depend on their structural features
The physical properties of a polymer, such as its strength and flexibility, are determined by the 
structural features of its molecules:

Chain length: in general, the longer the chains, the stronger the polymer, but the more 
viscous in the molten state and thus harder to process.

Side groups: polar side-groups result in stronger attraction between polymer chains, making 
the polymer stronger.

Branching: straight unbranched chains can pack together more closely than highly branched 
chains, resulting in polymers that have a higher degree of crystallinity.

Cross-linking: if polymer chains are covalently linked together (curing), the polymer is 
harder and more difficult to melt. Thermosetting polymers have extensive cross-linking.

■■■■ Strength of polymers
In general, the longer the chain of the polymer, the stronger the polymer will 
be. However, there is not a simple relationship since a critical length must 
be reached before strength increases. The length is different for different 
polymers. For polyethene this is at least 100 repeating units, but for nylon it 
may be only about 40 repeating units.
Figure 22.71 shows how tensile strength and chain length are related for a 
typical polymer whose chains are arranged randomly. There are two factors 
which cause the increase in tensile strength of a polymer with increasing 
chain length: longer chains are more tangled together and when chains are 
longer they have a greater surface area over which intermolecular forces can 
operate between adjacent chains.
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■■ Figure 22.71 The relationship between 

chain length and tensile strength for a 

polymer



 22.5 Polymers 49

Chemistry for the IB Diploma, Second Edition © Christopher Talbot, Richard Harwood and Christopher Coates 2015

■■ Atom economy
Atom economy (Chapter 1) is derived from the principle of green chemistry. Atom economy is a 
measure of the proportion of reactants that become useful products. 

% atom economy = 
molar mass of desired product

molar mass of all reactants
 × 100%

In an ideal reaction, all reactant atoms end up within the useful product molecule and no waste 
is produced. Inefficient, wasteful reactions have a low atom economy. Efficient processes have 
high atom economy and are important for sustainable development. They conserve natural 
resources and create less waste. 

Green chemistry is the sustainable design of chemical products and processes. It aims to minimize 
the use and generation of chemical substances that are harmful to human health or the environment. 
Chemists design reactions with the highest possible atom economy in order to minimize the 
environmental impact. Chemists want to reduce the consumption of raw material and energy.

22 Find out about the 
cold drawing of 
a polymer and its 
effect on strength.

Worked example

Deduce and comment on the atom economy in the following reaction:

H3C C CH

CH3

CH3

CH2 C C
H3C

H3C

CH3

CH3

acid

C6H12 C6H12

 Total mass of reactants Mass of desired product: 

  = [(6 × 12.01) + (12 × 1.01)]  = [(6 × 12.01) + (12 × 1.10)] 

  = 84.18 g  = 84.18 g

% atom economy = 
84.18
84.18

 × 100 = 100%

This rearrangement reaction has a very high atom economy as all the reactant atoms are incorporated into 
the desired products. The production of addition polymers also represents 100% atom economy since all of 
the reactant monomers end up in the polymer product.

■■ Solving problems and evaluating atom economy  
in synthesis reactions

The atom economy can be calculated from the balanced equation (without state symbols) for 
a synthesis reaction. The molar masses of the atoms can be used to calculate the masses of the 
reactants and products. The atom economy can then be calculated:

% atom economy = molar mass of desired product/molar mass of all reactants × 100%. This 
expression is on page 6 of the IB Chemistry data booklet.

Hydrazine (N2H4) is used for rocket fuel. Calculate the atom economy for hydrazine 
production. 

2NH3 + NaOCl → N2H4 + NaCl + H2O

The effects of plastics
Plastics were virtually unheard of prior to World War II. How has the introduction of plastics affected 
the world economically, socially and environmentally?

Plastics are all around us and are an important part of many products at home and at work (Figure 
22.72). More than 300 million tons of plastics are produced worldwide every year. Plastics have a 
wide range of properties and have replaced a range of traditional materials (such as cotton, wool and 
leather) as well as metals for some uses. The majority of our plastics are synthetic polymers and thus 
their synthesis is ultimately dependent on crude oil (petroleum). Ethene is the starting material or 

23 Outline an 
investigation to 
determine the 
atom economy of 
nylon synthesis. 
Assume interfacial 
polymerization 
is used and 
the reacting 
chemicals are 
1,6-diaminohexane 
and decanedioyl 
dichloride.

■■ Figure 22.72  
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feedstock for alkene-based plastics and is a by-product of the cracking of long hydrocarbon chains. 
The rise in the use of plastics has fuelled, to a limited degree, the demand for crude oil and helped to 
increase its price on world markets, but polymers account for about 4.5% of all oil use.

Many plastics are resistant to attack to acids and alkalis and the alkene-based polymers are 
non-biodegradable and hence remain in the environment for a very long time. Plastic waste is 
about 10% of household waste, and if buried in landfills will remain largely unchanged for many 
years and may leach (if the lining is broken) harmful chemicals into ground water. This leads to 
the demand for more landfill sites. An alternative is incineration (burning at high temperature), 
which can be used to generate electricity, but a variety of toxic gases are generated. There 
have been moves in many countries to recycle plastics and to promote the use of biodegradable 

plastics. Although plastics are very long-lived products, their main use is as 
single-use items that will often enter a landfill within a year.

Plastics have changed society to make life easier and safer. The benefits 
of plastics include their use in cell phones, safety helmets, computers and 
hospital intravenous bags. However, plastics have also led to harmful imprints 
on the environment (Figure 22.73) and perhaps even affected human health 
(see section 22.7). Chemicals added to plastics are absorbed by human bodies 
and some of these compounds have been found to alter hormone levels or 
are directly toxic. Plastic debris and its chemicals are often eaten by marine 
animals, killing or injuring them. Floating plastic waste in the ocean (the plastic 
gyre) serves a transportation device for invasive species, disrupting habitats.

22.6 Nanotechnology – chemical techniques position atoms in 
molecules using chemical reactions whilst physical techniques allow atoms/molecules to 
be manipulated and positioned to specific requirements

Nature of Science Developments in nanotechnology

Richard Feynman (1918–1988), the Nobel Prize-winning physicist, gave a ground breaking talk in 
1959 about the physical possibility of making, manipulating and visualizing matter on a small scale 
and arranging atoms ‘the way we want’. He famously predicted that one day we would be able to fit 
an entire encyclopaedia on to the head of a pin. Feynman challenged scientists to develop a new 
field where devices and machines could be built from tens or hundreds of atoms. Some of the key 
points in the history of that field, now called nanotechnology, can be summarized in the following 
timeline. Critical to the development of nanotechnology have been improvements in apparatus 
and instrumentation which have allowed the visualization and individual movement of atoms and 
molecules. Theories to explain the formation of carbon-60 and carbon nanotubes are uncertain and 
still being developed and supporting evidence is being sought.

■■ ■■■Some important events in nanotechnology history
1900 Max Planck proposes energy quantization 
1905–30  Development of quantum mechanics by Heisenberg, Born and Schrödinger 
1959  Feynman’s talk – ‘There is plenty of room at the bottom’
1974  Norio Taniguchi conceives the word ‘nanotechnology’
1981 Invention of the scanning tunnelling microscope by Binnig and Rohrer
1985 Discovery of carbon-60 by Kroto, Curl and Smalley (Figure 22.74)
1986 Invention of the atomic force microscope by Binnig, Quate and Gerber
1989 Eigler of IBM writes the letters of his company using individual xenon atoms 
1991 Discovery of carbon nanotubes by Sumio Iijima
2005 Beam of electrons used to shape metallic nanowires 

‘The principles of physics, as far as I can see, do not speak against the possibility of manoeuvring things 
atom by atom. It is not an attempt to violate any laws; it is something, in principle, that can be done; 
but in practice, it has not been done because we are too big.’

— Richard Feynman, Nobel Prize winner in Physics

■■ Figure 22.74 A 

geometric model 

of carbon-60 – an 

iconic image of 

nanotechnology

■■ Figure 22.73 Seaside rubbish – mostly 

plastic
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Nanotechnology involves research and technology development in the 1–100 nm range. It 
creates and uses structures that have novel properties because of their small size, and builds on 
the ability to control or manipulate on the atomic scale.

Nanotechnology is very much an interdisciplinary subject drawing on the approaches and 
techniques of chemistry, physics, biology and materials science. For the chemist, who mentally 
visualizes the world of atoms and molecules and models their interactions, 1 nm (10−9 m) is relatively 
large, whereas 1 µm (10−6 m) is considered small on an engineering scale. The general thinking about 
nanotechnology suggests two approaches to producing nanomaterials. The top-down approach starts 
with a sample of bulk material and breaks it into smaller pieces. The bottom-up approach builds the 
material from atomic or molecular species – by manipulating atoms or using self-assembly phenomena, 
for example. The second of these approaches has become more feasible with the development of 
ways of manipulating individual and small groups of atoms. Instruments such as the scanning 
tunnelling microscope (STM) and the atomic force microscope (AFM) have broken new ground in 
visualizing the nanoscale world and given insight into the levels of manipulation that are feasible. The 
understanding that materials behave very differently to their bulk properties on the nanoscale level 
was also important for making progress in the field. The physical rules when working at these levels 
are very different from those that apply to our everyday macroscopic world. Quantum effects and large 
surface-area-to-volume ratios can lead to the same material having a range of size-dependent properties. 
The colour of a material, for example, can depend on the size of the particles involved to a quite 
remarkable level.

■■ Quantum effects
By modifying materials at the nanoscale level, physical properties 
such as magnetism, hardness and conductivity can be changed 
radically. These changes arise from confining electrons in 
nanometre-sized structures. On the nanoscale, electrons act like 
standing waves (Chapter 12). When electrons act like waves, 
they can pass through insulation that blocks flowing electrons 
(in a process known as quantum tunnelling). Some elements, 
such as gold and silver, can show change at the nanoscale. For 
example, silver nanoparticles (Figure 22.75) show changes in 
colour over the range of nanoparticle diameter from 20.0 nm to 
90.0 nm. Physical properties – strength, crystal shape, solubility, 
thermal and electrical conductivity – along with magnetic and 
electronic properties also change as the particle size changes.

■■ The development of nanotechnology
Making products on the nanometre scale is, and will likely become, a large and increasingly 
important sector of the economy for developed countries. In 2015, the global nanotechnology 
market was worth 27 billion dollors. Nanotechnology materials are expected to result in lighter, 
stronger, smarter, cheaper, cleaner and longer-lasting products. Researchers and technologists 
believe that nanotechnology will have several phases of development. The first consisted of 
using nanostructures, simple nanoparticles, designed to perform one task. In the second phase, 
researchers will construct nanoscale ‘building blocks’ – flat or curved structures, bundles, sheets 
or tubes. The third phase will feature complex nanosystems with many interacting components.

Presently there are more than 200 companies that sell a total of 700 products using 
nanotechnology applications. The range of nanoproducts currently available is surveyed below.

■■ Current applications of nanotechnology
The following summary gives some idea of how nanotechnology has penetrated into a wide 
range of human activities.
■ Sporting goods – nanoparticles made of carbon are used to stiffen certain key areas of tennis 

racquets and hockey sticks.

■■ Figure 22.75 Silver nanoparticles show different colours 

depending on the particle size
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■ Car paint and waxes – new car paints have improved scratch-resistant qualities compared to 
conventional car paint. Nano car-waxes, made with nano-sized polishing agents, provide a 
better shine due to their ability to fill in tiny blemishes (scratches or pits) in car-paint finishes.

■ Antibacterial cleanser – a number of antibacterial cleaners use nano-emulsion technology 
to kill bacteria. The cleaners are non-flammable, non-corrosive and non-toxic.

■ Medical bandages – special dressings for burns provide antibacterial protection using silver-
based nanoparticles.

■ Sunscreens and cosmetics – several companies have marketed sunscreens, deodorants and 
anti-aging creams all based on nanoparticles. These particles penetrate the skin rapidly.

■■ Future applications of nanotechnology
■ Environment – emerging nanotechnologies may result in the development of new 

approaches to detecting air pollution and cleaning polluted waste streams and groundwater. 
Magnetic nanoparticles have been developed that can absorb and trap organic 
contaminants in water. They could be used to clean up hazardous and toxic waste sites.

■ Solar energy – photovoltaic cells convert solar energy to electrical energy. They are 
currently expensive and their efficiency is low. The use of nanoparticles may increase 
their efficiency.

■ Vehicles – nanoscale powders and nanoparticles will be used to improve the physical 
properties of cars, aircraft, ships, trains and spacecraft. These vehicles will be lighter, faster 
and more fuel-efficient and be constructed of lighter and stronger materials. This will help in 
reducing the mass of the finished vehicle, energy efficiency and safety.

■ Medical applications – many medical procedures could be handled by nano-machines 
that repair arteries and rebuild and reinforce bones. In the field of cancer nanotechnology 
research, scientists are testing and experimenting with new approaches to diagnose, treat and 
prevent cancer in the future. Nanoparticle-based approaches are being developed to target 
and selectively kill cancer cells.

■■ The properties of nanomaterials
One of the first advances in nanotechnology was the invention of the scanning tunnelling 
microscope (STM). This instrument does not ‘see’ atoms but ‘feels’ them. An ultrafine tip scans a 
surface and records a signal as the tip moves up and down depending on the atoms present. The 
STM also provides a physical technique for manipulating individual atoms. They can be positioned 

accurately in just the same way as using a pair of tweezers.
In 1989, scientists at the IBM Research Centre in San 

Jose, California, manipulated 35 atoms of the noble gas xenon 
to write the letters ‘IBM’ (Figure 22.76). The letters were 
500 000 times smaller than the letters used in the printing 
of this book. To place the atoms in the form of letters, the 
scientists used a special tip on the end of an STM to push 
them into place. The ‘bumps’ in Figure 22.76 are individual 
xenon atoms; each one is half a nanometre away from its 
neighbours.

This new-found ability to ‘see’ and manipulate individual atoms and molecules gave 
confidence to research in the revolutionary new field of nanotechnology research. The 
invention of the atomic force microscope (AFM) from its precursor the STM reinforced this 
growing confidence.

These inventions suggested that the ‘bottom-up’ approach to devising nanostructures 
was a feasible approach in this area of research. The ‘bottom-up’ approach is also 
encouraged by the phenomenon of self-assembly seen in several biological and chemical 
systems.

■■ Figure 22.76 The IBM logo written in individual 

xenon atoms
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Distinguishing between physical and chemical techniques in manipulating 
atoms to form molecules
There are a wide variety of physical techniques that manipulate (move) atoms, ions and 
molecules at the molecular level including the AFM and the STM. Focused electron beam 
induced processing is a recently developed technique used to synthesize nanostructures.

The carbon atoms and other atoms that may be required for the formation of nanomaterials 
or nanostructures will be provided by a chemical reaction. Fullerenes and nanotubes were first 
synthesized by the arc discharge of graphite rods in a helium atmosphere (Chapter 4), but a new 
range of methods have been developed to synthesize nanotubes.

■■■ Atomic force microscope
The key component of an AFM is a very small and light 
cantilevered arm, at the end of which is a sharp tip (made of 
silicon or silicon nitride) which acts as a probe. This is held very 
close to the sample (Figure 22.77). The sample is deposited on 
to a flat surface (often silica (silicon dioxide)), which sits on a 
piezoelectric block. 

By changing the voltage across this block, it can be caused 
to move, with a distance of less than 1 nm. As the sample 
moves, the tip of the AFM moves up and down, tracking the 
features (shape) of the sample. The height of the AFM tip can 
be measured reflecting a laser off the back of the arm. The 
AFM can measure the height of the sample, but it can also 
respond to electrical charge or conductivity. Hence, as the tip 
is scanned across the sample, it maps out the height (or charge 
or conductivity) of the sample. One advantage of AFM over 
electron microscopy is that the sample can remain hydrated and 
the sample does not need to be dried.

An additional advantage of AFM is that it can be used in 
non-contact mode. The tip oscillates at a regular frequency (a 
harmonic) and is placed to within a few nanometres of the surface. 
London (dispersion) forces and other interactions interfere with 
the regular oscillations and provide a visualization of the surface 
without contact (Figure 22.78).

■■■ Scanning tunnelling microscope
The STM was invented in 1981 and gives images of individual 
atoms and molecules. The STM is based on a fine-tipped metal 

probe that scans across a small area of a solid surface. The probe’s movement is 
controlled by three piezoelectric transducers within 1 picometre (10−12 m) and is 
at a small constant potential difference (voltage). The tip is held at a fixed height 
of no more than 1 nm (10−9 m) above the surface under analysis. 

At this height, electrons ‘tunnel’ across the gap and the tiny current is used 
move the probe vertically to maintain the gap width. Hence, if the STM probe 
tip moves near a raised atom, the tunnelling current increases and this is used 
to move the probe vertically up to keep the gap width constant. The vertical 
resolution is of the order 1 pm, much smaller than the size of the smallest atom.

Figure 22.79 shows how the potential energy of an electron varies from 
the STM tip to the surface of the solid. The electron is unable to overcome 
the potential barrier due to the strong metallic bonding of electrons in 
the metal tip, even though the tip is relative to the surface. Figure 22.79 
shows that the amplitude of the ‘electron wave’ (wave function) decreases 

■■ Figure 22.77 Atomic force microscopy (AFM)
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scanning tunnelling microscope
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exponentially with distance from the STM tip. In effect, electrons that escape from the 
tip to the surface tunnel through the barrier. This is a quantum effect and due to the 
uncertainty principle (Chapters 2 and 12).

As outlined in Chapter 2, the de Broglie wavelength of an electron depends on its 
momentum (product of mass and velocity), and is in the order of nanometres in the STM. 
Hence, quantum tunnelling is possible for gaps of the orders of nanometres. The tunnelling 
current is very sensitive to changes of the STM gap of as little as 1 pm.

ToK Link
The use of the scanning tunnelling microscope has allowed us to ‘see’ individual atoms, which was 
previously thought to be unattainable. How do these advances in technology change our view of what 
knowledge is attainable?

More than 30 years ago the scientific world saw the appearance of real space imaging of single atoms with 
never-before-seen resolution. This was the development of one of the most versatile surface probes, based 
on the physics of quantum mechanical tunnelling: the STM. Invented in 1981 by Gerd Binnig and Heinrich 
Rohrer of IBM, Zurich, it led to their award of the 1986 Nobel Prize.

Atoms, once regarded as abstract entities used by theoreticians for calculations, can be seen to exist for real 
with the nano ‘eye’ of an STM tip that also gives real-space images of molecules and adsorbed complexes 
on surfaces. 

From a very fundamental perspective, the STM changed the course of surface science and engineering. STM 
also emerged as a powerful tool to study various fundamental phenomena relevant to the properties of 
surfaces in technological applications such as medical implants, catalysis and sensors, besides studying the 
importance of local bonding geometries and defects.

Atom-level probing, once considered a dream by Feynman, is a reality with the evolution of STM. An 
important off-shoot of the STM was the AFM for the surface mapping of insulating samples. AFM 
has enabled researchers in recent years to image and analyse complex surfaces on microscopic and 
nanoscopic scales. 

The invention of AFM by Gerd Binnig, Calvin Quate and Christopher Gerber opened up new opportunities 
for the characterization of a variety of materials, and many industrial applications are possible. AFM 
observations of thin-film surfaces give scientist a ‘picture’ of surface topography and morphology and any 
visible defects. The growing importance of ultra-thin films for magnetic recording in hard disk drive systems 
requires an in-depth understanding of the fundamental mechanisms occurring during growth.

■■ Focused electron beam induced processing
Focused electron beam induced processing (FEBIP) is a developing lithographic (printing) 
technique used in nanotechnology. It uses a beam of electrons (from an STM) to decompose 
transiently (for short periods of times) adsorbed molecules under low vacuum conditions 
(Figure 22.80). This is to enable the construction of three-dimensional structures on single-
nanometre scale dimensions. 

FEBIP can result in either surface etching or deposition depending upon the products formed 
during the electron beam’s interaction with the precursor molecules. When the decomposition 
products react with the substrate to form volatile species, material is removed from the surface in 
a process referred to as electron beam induced etching. 

In contrast, deposition occurs when electron-stimulated decomposition produces non-volatile 
fragments in a process called electron beam induced deposition. Virtually any nanostructure 
shape can be produced accurately using this method. It is analogous to a three-dimensional 
printer. It is a potential tool for the nanofabrication of magnets, wires, gears and motors, all on 
the nanoscale. When structures are deposited within an electron microscope they can be imaged 
using scanning electron microscopy or scanning transmission electron microscopy.
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■■ Fullerenes
Fullerenes are a structural form (allotrope) of pure carbon. Theoretically, a wide range of 
molecular shapes can be engineered at the molecular level using fullerenes. The structure of 
carbon-60 (buckminsterfullerene, C60) was discussed in Chapter 4. The addition of pentagons 
into the hexagonal structure of graphite allows the carbon atoms to form a closed, approximately 
spherical cage. The discovery and synthesis of C60 was one of the key developments in 
nanochemistry. C70 and a range of smaller and larger fullerenes have been characterized.

Carbon-60 is a simple molecular or molecular covalent substance and exhibits properties 
typical of that class of substances. Unlike other forms of carbon, fullerenes may be soluble. C60 is 
pink and C70 is red in solution. The interactions between the solvent molecules and the surface 
of the cage is more energetically favourable than the interactions between adjacent C60 molecules.

The properties of C60 are a combination of the microscopic and macroscopic or bulk 
properties. The bonding within a single molecule of buckminsterfullerene is very strong. The 
carbon-60 molecule is very unlikely to be easily squashed or deformed during collision, so the 
molecule itself could be described as being ‘hard’. However, the fact that carbon-60 has a low 
sublimation point suggests that it should have the typical properties of a compound whose 
intermolecular forces are mainly London (dispersion) forces. So in a bulk sample, we would 
expect C60 to be soft, like a polycyclic hydrocarbon such as anthracene (C14H10), which consists 
of three fused benzene rings.

In C60 the carbon atoms are all joined by delocalized π bonds, so it would be expected 
that an electric current should easily pass around the molecular sphere. However, transfer 
of the current (pi electrons) from one molecule to the next does not occur because of the 
large energy gap. In bulk form, samples of the simpler molecule that contain delocalized 
pi electrons (such as benzene) are good insulators, although NMR shows that electrons 
readily move around the aromatic ring within each molecule (a ring current).

■■ ■■Nanotubes
Following the discovery of C60 a whole family of structurally related carbon nanotubes 
was discovered. These resemble a rolled-up sheet of graphite, with the carbon atoms 
arranged in repeating hexagons (Figure 22.81). The nanotubes, which have a diameter 
of 1 nm, can be closed at either end if pentagons are present in the structure.

A whole series of carbon-based molecules, including structures with multiple walls of 
concentric tubes, have been produced. Carbon nanotubes have been shown to have very useful 
properties. Bundles of carbon nanotubes have tensile strengths between 50 to 100 times that 
of iron because of the strong covalent bonding within the walls of the nanotube. Different 
nanotubes have different electrical properties because at the nanoscale the behaviour of 
electrons is very sensitive to the dimensions of the tube. Some nanotubes are conductors and 
some are semiconductors.

■■ Figure 22.81 Carbon nanotubes
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Their properties can also be altered by trapping different atoms inside the tubes. For 
example, silver chloride can be inserted into a tube and then decomposed by light to form 
an inner coating of silver. The resulting nanotube is a thin metallic electrical conductor. As 
these nanotubes have relatively large surface areas and can be made with specific dimensions, 
they have the potential to be very efficient and size-selective heterogeneous catalysts. Their 
mechanical (stiffness, strength, toughness), thermal and electrical properties suggest a wide 
variety of applications from batteries and fuel cells, to fibres and cables, to pharmaceuticals and 
biomedical materials.

Two types of nanotubes
There are two main types of carbon nanotubes – single-walled carbon nanotubes and multi-
walled carbon nanotubes. Most single-walled nanotubes have a diameter of close to 1 nm, with 
a tube length that can be many thousands of times longer. In fact, single-walled nanotubes 
can reach a length of over 1 cm. The structure of a single-walled nanotube can be visualized by 
wrapping a one-atom-thick layer of graphite called graphene into a cylinder. A graphene is a 
two-dimensional single sheet of sp2-bonded carbon atoms.

A single-walled nanotube is cylindrical with at least one end typically capped with a 
hemisphere of the carbon-60 structure. The diameter of the nanotube is only a few nanometres 
wide and can extend up to 50 µm in length. Nanotubes have the following physical, chemical 
and mechanical properties that make them such a potentially useful nanomaterial:
■ Electrical conductivity – depending on their precise structure, carbon nanotubes can be 

either metallic conductors or semiconductors. The electrons can travel much faster in 
nanotubes than in metals, and they do not dissipate or scatter. Carbon nanotubes could 
find an important use in conducting circuits as they can sustain a current density of up to 
109 A cm−2 (compared to copper at 106 A cm−2).

■ Thermal conductivity – the thermal conductivity of nanotubes is superior to that of 
diamond. This is despite diamond, an electrical insulator, being an excellent thermal 
conductor because the increased vibrations caused by heat are rapidly transferred throughout 
a structure in which all the atoms are bonded to each other in an extensive lattice. In some 
tests, nanotubes have been shown to have a thermal conductivity at least twice that of 
diamond.

■ Mechanical – nanotubes are the stiffest, strongest and toughest fibre currently known. With 
their small size, nanotubes are six times lighter than steel but up to 100 times stronger, giving 
them a strength : weight ratio 600 times greater than that of steel.

The carbon nanotubes described here are formed by curving individual sheets of 
graphite, otherwise known as graphene. Graphene (Chapter 4) is a single atomic 
plane of graphite, which is sufficiently isolated from its environment to be considered 
free-standing. It is the thinnest known material and the strongest ever measured. 
Graphene can sustain electric current densities six orders of magnitude higher than 
that of copper, and it also shows record thermal conductivity and stiffness. Graphene 
can adsorb and desorb various atoms and molecules – for example NO2 and NH3.

Graphene is a one-atom-thick planar sheet of sp2-bonded carbon atoms that are 
arranged in a hexagonal crystal lattice. 

Single-walled carbon nanotubes can be considered to be graphene cylinders – 
some have a hemispherical graphene cap (that includes six pentagons) at one or 
both ends. The manipulation of graphene and fullerenes means that a wide range 
of novel structures can be constructed, including ‘nanobuds’ (Figure 22.82).

Structure and physical properties of carbon nanotubes
The main cylinder or tube of a carbon nanotube is composed of carbon atoms arranged into 
hexagons (essentially a single layer of graphite (graphene) curved into an open-ended tube). 
However pentagons are needed to close the structure at the ends and form closed nanotubes. 

■■ Figure 22.82 An example of a 

‘nanobud’ structure – a fullerene 

‘budding’ off a carbon nanotube
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The nanotube molecule is held together by strong covalent carbon–carbon bonds that 
extend all along the nanotube. Single or multiple-walled tubes made from concentric nanotubes 
(that is, one tube inside a larger nanotube) can be formed. 

Long carbon nanotubes are conducting and this is due to the presence of delocalized electrons 
that move along the surface of the nanotube in the presence of voltage. The bonding can be 

regarded as being similar to graphite with each carbon 
atom (sp2 hybridization) contributing one electron to the 
delocalized ‘cloud’ of electrons.

One possible skeletal formula representation of a 
layer of graphite or a molecule of graphene is shown in 
Figure 22.83 in localized Kekulé form as in aromatic 
compounds, such as benzene.

The carbon–carbon (C–C) bond length in graphite or 
graphene is 0.142 nm, which is between a single carbon–
carbon bond length of 0.154 nm and a carbon–carbon 
double bond (C=C) of 0.134 nm. The carbon–carbon 
bond order in graphite or graphene is 1.33, because each 
carbon atom uses three valency electrons to form single 
bonds; the fourth valence electron is delocalized.

The bond order is 1.5 in benzene (Chapter 20), the average of a carbon–carbon single bond 
(bond order 1) and carbon–carbon double bond (bond order 2), but there is a C–H bond too. 
The C–C–C bond angle is exactly 120°, for the planar carbon hexagons (due to the presence of 
three negative charge centres). In graphite the planar hexagonal ring layers of carbon atoms are 
0.335 nm apart. Nanotubes are essentially a single layer of graphite (or a molecule of graphene) 
wrapped around to form an elongated tube-like molecule; they only consist of hexagonal rings 
throughout the sides of the nanotubes.

The tensile strength of carbon nanotubes is exceptionally high due to the strong covalent 
bonds holding the carbon atoms together. The carbon atoms are relatively small and the overlap 
of orbitals between adjacent atoms is effective. Short, strong bonds with partial double bond 
character are formed

In 2000, a multi-walled carbon nanotube was tested to have a tensile strength of 
63 GPa. In comparison, high-carbon steel has a tensile strength of approximately 1.2 GPa. 
Under excessive tensile strain the tubes will undergo plastic deformation, which means the 
deformation is permanent. 

Space elevator
International collaboration in space exploration is growing. Would a carbon nanotube space elevator 
be feasible or wanted? What are the implications?

A space elevator (Figure 22.84) is a proposed type of space transportation system. It 
would consist of a ribbon-like cable (tether) anchored to the surface of the Earth and 
extending into space. It is designed to allow vehicle transport along the cable from the 
Earth’s surface directly into space or orbit, without the use of large rockets. The cable 
would be under tension due to gravity which is stronger at the lower end and centrifugal 
force acting at the upper end.

The cable would need to be made of a very light but very strong material. A carbon 
nanotube composite or graphene ribbon might be a suitable material. A space elevator 
would greatly reduce the cost of carrying cargo and humans into space. This would 
expand the possibilities for space tourism, scientific research and even space colonization. 
The use of a space elevator would also reduce the pollution and space debris caused by the 
use of rockets.

24 Find out about the 
zigzag, chiral and 
armchair forms of 
carbon nanotubes.

■■ Figure 22.83 Skeletal formula of graphite or graphene

■■ Figure 22.84 Possible 

design of space elevator
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Ribosomes and molecular motors
Self-assembly is an important example of the ‘bottom-up’ approach in nanotechnology. It is the 
spontaneous formation of precise and well-defined molecular structures from small molecules. 
Nature provides a number of examples of self-assembled structures, such as viruses, ribosomes 

(sites of protein synthesis in cells) and cell membranes, which all form via 
molecular recognition involving complementary shapes and favourable 
intermolecular forces. Ribosomes are found in all cells, including 
bacterial cells and consist of a number of different protein and RNA 
molecules that self-assemble into two subunits. When supplied with 
messenger RNA and amino acids ribosomes will generate proteins in a 
process known as translation. The structure of ribosomes has been solved 
using X-ray crystallography. 

In recent years, chemists have developed a number of elegant 
syntheses that have resulted in the formation of a range of different 
molecular structures, many of which could form the basis of future 
‘molecular machines’ and ‘molecular motors’.

In 1999 a research group in the Netherlands made the first molecular 
motor (Figure 22.85). The motor is powered by light and the molecule 
rotates about a carbon–carbon double bond. The groups either side of 
the double bond are identical and ultraviolet radiation causes these to 
undergo cis–trans isomerization. Because of the large size of the groups, 
which are chiral, the motor can rotate in only one direction.

Synthesis of carbon nanotubes
Methods of synthesizing carbon nanotubes include arc discharge, chemical vapour deposition 
(CVD) and high pressure carbon monoxide disproportionation (HiPCO). Arc discharge was initially 
used to produce fullerenes (C60 and C70) but nanotubes are also formed. It involves either electrically 
vaporizing the surface of a graphite electrode (using a large current) or discharging an electrical arc 
through metal electrodes in a hydrocarbon solvent forming a small rod-shaped deposit on the anode.

Arc discharge using graphite electrodes
Two graphite rods are placed about 1 mm apart in a bell jar of inert gas 
(originally helium, but argon is also used). A large direct current (DC) produces 
a high-temperature discharge (spark) between the two graphite electrodes, 
vaporizing parts of one carbon anode (positive electrode) and forming a small 
rod-shaped deposit on the carbon cathode (negative electrode) (Figure 22.86). 

The anode may contain small amounts of a transition metal to act as a 
catalyst. If pure graphite electrodes are used then the formation of multi-walled 
nanotubes tends to be favoured. The presence of nickel, cobalt or yttrium (a 
lanthanoid) favours the formation of single-walled nanotubes.

However the arc discharge method needs a large-scale vacuum system and a 
frequent replacement of graphite electrodes, because the electrodes are consumed 
as a carbon source of the carbon nanotubes by the arc discharge.

The arch discharge method is not based on oxidation or any electrochemical process, 
as the electric arc is needed simply to vaporize graphite so that carbon nanotubes or 
fullerenes can be formed from carbon vapour (mainly gaseous carbon atoms).

Arc discharge using metal electrodes
Nickel or iron electrodes can be used for discharge in a hydrocarbon solvent, for example 
methylbenzene (C6H5CH3) or cyclohexane (C6H12). The organic solvent is the source of carbon 
atoms as the hydrocarbon is decomposed by the electrical arc and soot is produced at the anode 
(which occurs with methylbenzene) or dispersed through the solvent.

Since the metal electrodes have high mechanical strength, the consumption of the electrodes is 
negligible and the exchange of the electrodes is not necessary. As a result, the arc discharge with the 
metal electrodes in the hydrocarbon method allows the continuous synthesis of carbon nanotubes.

■■ Figure 22.85 The first light-driven molecular 
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25 Find out about 
the laser ablation 
method for 
synthesizing carbon 
nanotubes.

The production of carbon from hydrocarbon solvents in arc discharge by 
oxidation at the anode
In the use of a hydrocarbon solvent, it is the solvent not the electrodes which are the source of 
carbon. In order to obtain carbon from a hydrocarbon the carbon in the solvent, such as cyclohexane 
or toluene, is oxidized, and therefore the carbon is formed at the anode. The arc discharge in this case 
works on the solvent rather than a graphite electrode. The solvent and metal used for the electrode 
seems to have some influence on production of nanoparticles. Methylbenzene with the pi electrons in 
the benzene ring has a greater yield than cyclohexane, which is all singly bonded carbons.

Chemical vapour deposition
In chemical vapour deposition (CVD) carbon atoms are deposited on to an inert substrate. 
This is done via the decomposition of a gaseous hydrocarbon, such as methane, ethyne or 
carbon monoxide, or even an alcohol, in the presence of a transition metal catalyst. The C–H 
bonds in the gas phase molecules are dissociated by either plasma discharge or heat. In effect 
the hydrocarbon undergoes ‘cracking’ and the gaseous carbon atoms diffuse towards an inert 
substrate (often zeolite) which is covered with a catalytic surface. The catalyst is usually iron, 
nickel or cobalt and is attached to the substrate by heating or etching (due to the action of 
hydroxyl radicals •OH).

The substrate is heated in an oven to over 600 °C and the hydrocarbon or alcohol gas is 
gradually introduced. The gaseous molecules decompose and the carbon atoms form nanotubes 
on the substrate surface. The apparatus (Figure 22.87) must be free of air to prevent the 
formation of carbon dioxide and carbon monoxide. The carbon atoms diffuse to the substrate by 
diffusion and form either single-walled or multi-walled nanotubes depending on the conditions.

■■ Figure 22.87 Chemical vapour deposition (CVD)
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Methane or carbon monoxide is heated to over 900 °C to form single-walled carbon nanotubes, but 
if ethyne is heated to 700 °C multi-walled carbon nanotubes are formed. Single-walled nanotubes 
have a higher enthalpy of formation (per carbon atom) than multi-walled carbon nanotubes.

One method of CVD is high pressure carbon monoxide disproportionation (HiPCO). In a 
disproportionation reaction the same substance is both oxidized and reduced. In HiPCO hot 
carbon monoxide gas is continuously supplied at high pressure (50 atmosphere pressure) into the 
reaction mixture. The catalyst iron pentacarbonyl(0), Fe(CO)5, is also fed in. 

During this process the iron pentacarbonyl(0) reacts to produce iron nanoparticles:

Fe(CO)5(g) → Fe(s) + 5CO(g)

The iron nanoparticles provide a nucleation surface for the transformation of carbon monoxide 
into carbon during the growth of the nanotubes.

xCO(g) → carbon nanotubes (s) + 1
2
 xCO2(g)

where x is typically 6000 giving a carbon nanotube containing 3000 carbon atoms.
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No substrate is needed and the reaction can take place with a continuous feed making it 
suitable for industrial-scale production. In HiPCO, carbon monoxide is reduced to carbon, which 
forms nanotubes, and is also oxidized into carbon dioxide (which is removed):

2CO(g)  C(s) + CO2 (g)

Deduction of equations for the production of carbon atoms from HiPCO
The Boudard reaction is responsible for the formation of carbon atoms during HiPCO:

2CO(g) → C(s) + CO2(g)

This is a disproportionation reaction involving a change in the oxidation number of carbon from 
+2 to 0 (in elemental carbon) and +4 (in carbon dioxide).

Explanation of why an inert gas, and not oxygen, is necessary for CVD 
preparation of carbon nanotubes
An inert gas is necessary for the CVD preparation of carbon nanotubes. The presence of oxygen 
would result in the combustion (oxidation) of the carbon atoms to oxides of carbon. Carbon 
nanotube synthesis is hence prevented. An inert gas, either a noble gas or nitrogen, is used to 
displace the oxygen in air and prevent oxidation.

Fe(CO)5

Technique Arc discharge Laser ablation
Chemical vapour 
deposition (CVD)

High pressure 
carbon monoxide 
disproportionation 
(HiPCO)

Date of 
publication

1992 1995 1993 of nanotubes 1999

Method Electric plasma discharge 
vaporizes a graphite 
electrode, depositing it on 
the other electrode (a few 
millimetres distance) as single 
or multi-walled nanotubes

Laser pulse is 
absorbed and 
vaporizes graphite 
surface, forming 
gaseous carbon atoms

Uses heat of an oven 
to crack a gaseous 
hydrocarbon into 
carbon atoms, which are 
deposited on a substrate 
containing an etched-on 
transition metal catalyst

Carbon atoms produced 
in the disproportionation 
reaction from carbon 
monoxide in the presence 
of vaporized Fe(CO)5 
catalyst to produce 
nanotubes

Alternative 
method

In a hydrocarbon solvent 
using metal electrodes

Continuous wave 
instead of pulse laser

Plasma discharge instead Cobalt-molybdenum 
catalyst instead of Fe(CO)5 
complex

Specific 
conditions

Inert gas (usually helium) 
low pressure atmosphere; 
temperature of electrodes 
>3000 °C; large current 
(100 A) passed through 
electrodes

Inert gas low pressure 
atmosphere; gaseous 
flow; temperature 
approximately 
2000 °C

Catalyst etched and 
deposited on substrate; 
CH4, C2H2 or CO; 
temperature >1000 °C 
to crack hydrocarbons or 
decompose CO

High carbon monoxide 
pressure; temperature 
>1000 °C to crack 
hydrocarbon molecules 
(lower in the presence of 
Co–Mo catalyst

Yield About 50% per batch of 
graphite electrodes; replaced 
each time; about 10 g per day

About 70% per batch 
before replacing 
electrode; powdered 
graphite; less than 1 g 
per day

About 50%; large 
quantities produced 
(over 1000 kg) due to 
continuous flow and 
substrate size

Greater than 95% yield, can 
be run continuously with 
gas flow, producing about 
1 kg per day

Advantages Mainly defect–free short 
nanotubes

Bundle of very  
high-quality single-
walled nanotubes that 
can be produced with 
desired diameters (via 
control of conditions)

Relatively easy to scale up 
to industrial production

Very high yields; few carbon 
impurities other than 
nanotubes

Disadvantages Small nanotubes with random 
orientations (chirality) and 
sizes; difficult to purify

Very expensive (high 
cost)

Produces mostly long 
multi-walled nanotubes; 
difficult to separate 
single- from multi-walled 
nanotubes

Some defects in nanotubes  

■■ Table 22.3 Summary of methods of carbon nanotube production
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Nature of Science Growth of nanotubes

The way in which carbon nanotubes are formed is not exactly known. The growth mechanism 
(Figure 22.88) is still a subject of debate and active research, and more than one mechanism 
might be operating during the formation of carbon nanotubes. 

■■ Figure 22.88 Visualization of possible nanotube growth mechanisms. A precursor is formed on the 

metal catalyst. The carbon diffuses on the sides leaving the top of it free, resulting in the hollow core 

of the nanotube. Out of this a rod-like carbon structure is formed. In base growth (extrusion) the 

nanotube grows upwards from the metal particle that remains attached to the catalyst. In tip growth 

the particle detaches and stays on the top of the growing nanotube
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One of the proposed mechanisms consists of three steps. First a precursor to the formation 
of nanotubes and fullerenes, a C2 molecule, is formed on the surface of the metal catalyst 
particle. From this unstable molecule, a rod-like carbon molecule is formed rapidly. Then there 
is a slow conversion of its wall to graphene. This mechanism is based on observations using a 
transmission electron microscope at different times during the synthesis. The actual growth of 
the carbon nanotube seems to be the same for all the major synthetic techniques.
There are several theories proposed as a growth mechanism for nanotubes. One suggests 
that metal catalyst particles are supported on graphite or another substrate. It assumes that 
the catalyst particles are spherical or pear-shaped, in which case the deposition will take 
place on only one half of the surface. The carbon diffuses down the concentration gradient 
(from high to low) and deposits on the opposite half, around and below the bisecting 
diameter. However, it does not precipitate from the apex of the hemisphere, which accounts 
for the hollow core that is characteristic of these filaments. For supported metals, filaments 
can form either by extrusion (also known as base growth) in which the nanotube grows 
upwards from the metal particles that remain attached to the substrate, or the particles 
detach and move at the head of the growing nanotube (tip growth). Depending on the size 
of the catalyst particles, single-walled or multi-walled nanotubes are grown. In arc discharge, 
if no catalyst is present in the graphite, multi-walled carbon nanotubes will be grown on the 
C2 molecules that are formed in the plasma.
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Safety and regulatory issues in nanotechnology
Some studies have shown that inhaling nanoparticle dust can be as harmful as inhaling asbestos. 
Should nanotechnology be regulated or will this hinder research?

There have been proposals for the tighter regulation of nanotechnology which has 
occurred together with a growing debate about the human health and safety risks of 
nanotechnology. There has been considerable debate about who is responsible for the 
regulation of nanotechnology. In most countries there will be regulatory agencies covering 
some nanotechnology and products and processes, to varying degrees. There need to be 
regulations to assess and control risks associated with the release of nanoparticles and 
nanotubes. There is insufficient funding of the human health and safety risks associated 
with nanotechnology and as a result many stakeholders, including scientists, have called for 
the application of the precautionary principle with longer times to market approval, more 
informative labelling and additional safety data development. There is a particular risk of 
nanoparticles or nanotubes being released during the disposal, destruction and recycling 
and hence end-of-life regulations are needed for nano-based products.

ToK Link
Some people are concerned about the possible implication of nanotechnology. How do we evaluate the 
possible consequences of future developments in this area? Is the knowledge we need publicly available or 
do we rely on the authority of experts?

There is no doubt that nanochemistry is providing materials scientists and chemists with incredibly useful 
atomic and molecular structures with a wide range of potential industrial applications. However, like all new 
discoveries and their applications to the world of technology, the very novel nature of these new materials 
raises safety issues and implications. The effect of nanoparticles on the body is difficult to predict and not 
easily understood and the long-term effects on our health and well-being are quite unknown. Since the 
properties of nanoparticles are not as well known or as easily predicted there are worries that nanoparticles 
may have undiscovered harmful side effects if, for example, they are breathed in or orally ingested, so 
there may well be health and safety issues which are not yet fully understood. There are genuine health 
concerns and toxicity regulations are difficult to apply as the properties of nanomaterials depend on the size 
of particles. In reality, there must be unknown health effects because all new materials have new health 
risks. There is concern that the human immune system may be defenceless against nano-sized particles. This 
poses responsibilities for the nanotechnology industries, which in turn raises political issues, for example for 
informed public education and debate and for the public to be involved in policy discussions about decisions 
related to nanotechnology. 

22.7 Environmental impact – plastics – although materials 
science generates many useful new products there are challenges associated with 
recycling of, and high levels of toxicity of, some of these materials

The new discipline of materials science has developed many useful materials and products, but it 
raises challenges associated with the recycling and hazardous nature of some new materials.

Plastics are composed mainly of carbon and hydrogen atoms, though halogens, nitrogen and 
oxygen may also be present. They have strong covalent bonds along the chain so plastics do 
not decompose readily and are relatively stable. Some organic polymers can dissolve in organic 
solvents, but plastics are generally resistant to attack by acids and water. 

Many are slowly degraded by oxidation, accelerated by ultraviolet radiation present in sunlight, 
and the majority are not biodegradable. Polyamides and polyesters will undergo slow hydrolysis by 
acids and alkalis. The hydrolysis is only significant at high concentrations and temperatures.

Some addition polymers, such as polyvinylchloride (PVC), contain chlorine and release 
hydrogen chloride (HCl) or dioxins (some of which are toxic) when combusted in air. Benzene 
and unsaturated hydrocarbons are formed during the thermal decomposition of PVC. 

The presence of volatile plasticizers is another environmental issue associated with some plastics 
(mainly PVC and cellulose acetate), since they may evaporate or leach from the plastic. Phthalate 
esters are often used as plasticizers and although less toxic than dioxins are known to disrupt the 
endocrine system, leading to cellular and genetic changes in fish. Safer plasticizers with better 
biodegradability and fewer biochemical effects are being developed, for example triethyl citrate.

26 Find out what 
happened at Seveso 
in Italy in the 
context of dioxins.
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Chlorine-free plastics are also being used as substitutes for PVC, including high-density 
polyethene, polypropylene and polyisobutylene. In the event of a fire these halogen-free plastics 
will not release dioxins or hydrogen chloride (which forms hydrochloric acid in the presence of 
water).

■■ Deduction of the equation for any given combustion reaction
The equations below describe the complete combustion of pure polyethene and PVC.

(CH2)n + 11
2nO2 → nCO2 + nH2O

(CH2CHCl)n + 21
2
 nO2 → 2nCO2 + nHCl + nH2O

Marine plastic waste
The oceans have rotating current or gyres, each with a calm spot at the centre. There are five 
major gyres and they are caused by the Coriolis effect due to the rotation of the Earth. Chemical 

sludge and floating plastic rubbish including microscopic particles collect at the centre of 
these gyres (Figure 22.89).

One suggestion for cleaning up the gyres would be to use the surface currents to let 
the debris drift to specially designed arms and collection platforms of boats. This way 
the running costs would be virtually zero, and the operation would be so efficient that it 
may even be profitable. 

■■ ■Organohalogen compounds 
There are a number of organohalogen compounds found as pollutants in water and the 
atmosphere. Marine organisms, especially algae, act as natural sources of atmospheric 
organohalogens.

Polychlorinated dibenzo-p-dioxins (PCDDs) and polychlorinated dibenzofurans (PCDFs) 
are pollutant compounds with the general formulas shown in Figure 22.90. Many are 
believed to be toxic; one of the most well-known is 2,3,7,8-TCCD or ‘dioxin’.

■■ Figure 22.90 The generalized structures of a PCDFs, b PCDDs and c dioxin (where m and 

n refer to different numbers of chlorine atoms)
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PCDDs and PCDFs enter the atmosphere from many sources, including car engines, waste 
incinerators, and steel and other metal production. The most important source is probably 
the burning of household waste in older municipal waste incinerators. PCDDs and PCDFs are 
formed when PVC plastic is burnt in the presence of metals, which act as catalysts. Hydrogen 
chloride, carbon monoxide and carbon may also be formed during the combustion of PVC 
(though modern incinerators have scrubbers).

Dioxin and other PCDDs can enter humans via eating food, specifically fish, meat and dairy 
products (milk), since dioxins are fat soluble and are easily passed through the food chain. Breast 
feeding results in the passing of dioxins from the mother to the child. Dioxins are also present in 
cigarette smoke.

Dioxins build up in fatty tissues over time in a process known as bioaccumulation. Small 
repeated exposures may eventually result in high concentration levels. Dioxins are slowly 
eliminated by the body over a number of years. Effects of dioxins at high-dose levels include 
acne, abnormal teeth development in children, thyroid disorders, damage to the immune system, 
diabetes and endometriosis (where uterus lining cells grow outside the uterus). Exposure to 
dioxins can also change the ratio of male to female births, resulting in the birth of more females.

■■ Figure 22.89 Floating rubbish  

in an oceanic gyre
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Polychlorinated biphenyls (PCBs) are synthetic organic molecules containing two linked 
benzene rings where more than one hydrogen atom has been substituted by chlorine atoms 
(Figure 22.91). They do not have a 1,4-dioxin ring in their structure, but have the same toxic 
effect as dioxins and so can be described as dioxin-like.

Products that have contained PCBs include transformers and capacitors, oil used in 
motors and hydraulic systems, thermal insulation material including fibreglass, plastics (as 
plasticizers), oil-based paint and floor finish. However, the European Union (EU) and many 
countries, including the US, no longer allow their commercial production.

■■ The effect of plastic waste and organic pollutants on wildlife
Plastic waste is a growing concern and the demand for plastics will continue to grow. Plastics are 
highly useful materials and their applications are expected to increase as more new products and 
plastics are developed to meet demands. 

The increased use and production of plastic in developing countries is a particular concern, 
as the sophistication of their waste management infrastructure may not be developed enough to 
fully cope with their increasing levels of plastic waste.

Large plastic bottles and bags break down due to the action of the Sun and abrasion by the 
waves. These smaller pieces can be mistaken for prey by marine animals. Over a million sea 
birds, marine mammals and turtles are killed each year from ingesting plastic or entangled with 
plastic. The smaller pieces of plastic eventually form microscopic particles of plastic that float 
near the surface of the oceans in gyres. Other less known effects of marine plastic waste are the 
alteration of habitats and the transport of alien species.

Persistent organic pollutants (POPs) such as dioxins and PCBs can enter the food chain, 
having long-term effects on the health of animals up the food chain. Plastic waste has the 
ability to attract contaminants, such as POPs. This is particularly so in the marine environment 
since many of these contaminants are hydrophobic, which means they do not mix with water. 
However, in some conditions plastic could potentially act as a sink for contaminants, making 
them less available to wildlife, particularly if they are buried on the seafloor.

As POPs are passed along the food chain their concentrations increase and can reach 
very high levels in top predators (Chapter 23). This process, known as biomagnification, has 
been largely responsible for the extinction or significant population reduction of many birds 
of prey and large marine animals across the globe, including in regions far distant from the 
places where the POPs were released to the environment. Figure 22.92 shows the processes of 
bioaccumulation (increase in POPs concentration with time) and biomagnification (increase in 
POPs concentration when nutrients enter a new trophic (feeding) level).

■■ Figure 22.91 
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International symbol for recycling
The international symbol for recycle, reuse, reduce is a Mobius strip designed in the late 1960s, 
but global recognition of this symbol ranks well below other symbols. What factors influence the 
recognition of symbols? 

The universal recycling symbol for recyclable material consists of a Mobius strip comprising 
three changing arrows (representing recycle, reduce and reuse) used to form a triangle (Figure 22.93). 
The symbol was designed by American Gary Anderson, a college student in the late 1960s. It was 
the winning entry for an art contest sponsored by a Chicago-based recycled paperboard company to 
raise environmental awareness among high schools and colleges across the country.

A single image or symbol delivers considerable amounts of information in a very short time 
because we perceive an image all at once, whereas reading or hearing often takes significantly 
longer to process the same information. Important factors in the recognition of symbols are 
colours and shapes.

■■ Disposal of plastics
Plastic waste may form up to about 10% (by volume) of household waste. If plastic waste is 
buried in landfill sites it will remain unchanged for many years. An alternative to dumping 
is incineration, with the possibility of making use of the heat generated. Plastics are products 
of crude oil (petroleum), and plastic waste contains about the same amount of energy as the 
crude oil or petroleum it is derived from. However, some plastics burn with the formation of 
toxic gases, for example hydrogen chloride (HCl) from PVC and hydrogen cyanide (HCN) from 
polypropenenitrile, and incinerators must be designed to remove these gases from the exhaust.

■■ Recycling of plastics
Recycling rather than disposal into a landfill or incineration is an obvious way of reducing the 
environmental impact of plastics. The atom economy (Chapter 1) increases while the need 
for the manufacture of new plastics is decreased. However, there are significant challenges to 
successfully recycling plastics at low cost. Thermoset plastics, such as polyurethanes, cannot 
be melted down and recycled – they will decompose before melting if heated so cannot be 
reprocessed. The combustion of chlorine-containing polymers, such as PVC, means that dioxins 
may be released. Another major difficulty is that since different plastics have different properties, 
mixed plastic waste is of limited use. Mixtures of plastics are much weaker than individual 
plastics. The waste plastics need to be sorted and separated. The easiest plastic waste to recycle 
comes from industrial waste and is mostly relatively ‘pure’ plastic.

■■ Degradation of plastics
Polyalkenes are straight-chain alkanes and therefore chemically unreactive. They biodegrade 
only very slowly in the environment. There are strains of bacteria that can metabolize 
straight-chain alkanes once they have been ‘functionalized’ by oxidation somewhere along 
the hydrocarbon chain; they find branched-chain alkanes more difficult to degrade. They 
can therefore attack HPE more easily than LDPE. The compact nature of the chains and the 
presence of weaker tertiary C–H bonds allows photo-oxidation (Figure 22.94) to take place more 
easily. Polychloroethene (PVC) is less inert and its carbon–chlorine bond is slowly attacked by 
alkali and can undergo cleavage in ultraviolet radiation (sunlight).

28 Find out what 
happens to the 
plastic waste in 
your own country 
and what recycling 
schemes are 
operating in the 
towns and cities.
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■■ Resin identification codes
Plastics are recycled based on their polymer type, identified by a resin identification code (RIC). 
This coding system was developed by the Society of the Plastics Industry (SPI) in 1988 and used 
internationally. Its primary purpose was the efficient identification of plastic polymer types, but it 
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was soon applied to the classification of plastics for the purpose of recycling. The symbols used in 
the code consist of the recycling symbol enclosing a number, often with an acronym representing 
the plastic below the triangle. The number on the code gives information about the polymer type 
rather than its hardness, how frequently it can be recycled, difficulty in recycling, or colour. The 
number does not indicate how hard the item is to recycle, nor how often the plastic has already been 
recycled. It is an arbitrarily assigned number that has no other meaning aside from identifying the 
specific plastic. Section 30 in the IB Chemistry data booklet provides a list of RICs.

Recycling is an energy-intensive and labour-intensive process, since some preliminary sorting 
is done by hand. Plastic bottles can be sorted into polyethene, PVC and PET. Plastic bottles 
for recycling need to be collected and separated from other material. The labels and any other 
debris are removed and the plastic is washed with water. The waste is automatically sorted using 
near-infrared scanning techniques and then manually checked again as incomplete sorting 
can lead to difficulties with the process. The chlorine in PVC can also be detected by means 
of X-rays allowing PVC bottles to be separated from polyethene and PET. Separating out PVC 
is important as HCl released from PVC causes major degradation of PET (but PVC bottles are 
not common these days). These can then be separated on the basis of their different densities. 
Recycled PVC is used for drains and sewer pipes and flooring. Clean PET may be recycled to 
make new bottles; less good material is used to make fibre filling for duvets and outdoor jackets. 
The separated plastics are then ground into flakes and then washed and dried and any further 
foreign substances such as metals are removed. 

Some plastics cannot be recycled into new products. For example, the plastic cases of some 
cell phones contain brominated fire retardants and these plastics cannot be put through a 
recycling process – they are usually incinerated. 

The issues associated with recycling plastics are summarized in Table 22.4.

■■ Table 22.4 Plastic resin identification codes

Resin identification 
code (RIC) Plastic and properties Applications Recycling

PET

1
Poly(ethylene terephthalate) (PET) is 
clear, tough and solvent resistant. 
Used for rigid sheets and fibres. 
Good barrier to gases and liquids. 
Resin can be spun into threads.

Carbonated soft drink bottles, 
food jars, carpet fibres, microwave 
trays, fruit juice bottles, pillow and 
sleeping bag filling, textile fibres.

Drinks bottles, clothes, detergent 
bottles, laminated sheets, carpet 
fibres, clear packaging films.

HDPE

2
High-density polyethene (HDPE) is 
hard to semi-flexible and opaque. 
Relatively impermeable to gas and 
moisture.

Freezer bags, milk bottles, bleach 
bottles, hard hats, buckets, 3D 
printing, milk crates, wire cable 
covering.

Pipes for farms, pallets, bins, 
extruded sheet, garden edging, 
household bags, oil containers.

PVC

3
Plasticized polyvinyl chloride (PVC) 
is flexible, clear and elastic; can be 
solvent welded.
Unplasticized PVC is hard, rigid; may 
be clear and can be solvent welded.

Garden hoses, shoe soles, cable 
sheathing, car gaskets, shower 
curtains, gloves, pipes, blood bags 
and tubing, credit cards, watch 
straps.

Pipe and hoses fittings, garden 
hose, electrical conduit, shoes, 
road cones, drainage pipes, 
ducting, detergent bottles.

LDPE

4
Low-density polyethene (LDPE) is 
soft, flexible, surface is translucent, 
withstands solvent

Rubbish (garbage) bags, squeezy 
bottles, cling wrap, hot and cold 
drinks cups, flexible container lids, 
rubbish bins.

Concrete lining and bags.

PP

5
Polypropylene is hard, flexible and 
translucent (can be transparent) and 
has good chemical resistance

Film, carpet fibre, carts, bottles, 
caps, furniture, rigid packaging, 
yoghurt containers, takeaway 
containers, fishing nets, toilet seats.

Crates, boxes, plant pots, 
compost bins, garden edging.

PS

6
Polystyrene is clear, glassy, rigid, 
brittle, opaque, semi-tough and 
affected by fats and solvents. 
Expanded polystyrene is foamed, 
lightweight and thermally insulating.

Refrigerator bins, stationery 
accessories, coat hangers, medical 
disposables, trays, egg cartons, 
vending cups, plastic cutlery, 
yoghurt containers.

Industrial packaging, coat 
hangers, moulded products, 
office accessories, spools, rulers, 
video cases, printer cartridges.

OTHER

7
Other plastics includes all other 
resins, laminates, acrylonitrile 
butadiene styrene, acrylic, nylon, 
polyurethane and polycarbonates.

Automotive (car), aircraft, boating, 
furniture, electrical and medical 
parts.

Agricultural piping, furniture 
fittings, wheels and castors, 
fence posts, pallets and outdoor 
furniture, marine structures.
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■■ Distinguishing possible resin identification codes (RICs) of 
plastics from an IR spectrum

Infrared spectroscopy (Chapter 11) can be used to sort plastics. Infrared radiation has a 
wavelength of 770 nm to 1000 μm, which corresponds to a wavenumber range of 12 900 to 10 cm−1. 
For sorting plastics, infrared radiation with wavenumbers from 600 to 4000 cm−1 will be used.

When infrared light encounters a material, some of it may be absorbed by the chemical 
bonds in the material. Each type of bond absorbs specific wavenumbers of infrared radiation. For 
examples of this, see Table 22.5.

Functional group Bond Wavenumber/cm−1

Alkane C–H 2850–3000

–CH2
− C–H 1465

–CH3 C–H 1375 and 1400

Benzene ring CH 3050–3150 and 700–1000

C=C 1400–1600

Ester C=O 1730–1750

C–O 1000–1300

Chloride C–Cl 600–800

■■ Table 22.5 

Identification of plastics 

from wavenumber 

absorptions

It should be noted that plasticizers often have >C=O absorption at 1735 cm−1 or lower. In some 
cases, their presence does not alter the remainder of the spectrum, and the peak at 1735 cm−1 
may simply be ignored when analyzing the spectrum. PVC is the most common example of a 
plastic that contains plasticizers.

29 Polystyrene is an addition polymer with the following structural formula and infrared spectrum.
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 Which peak(s) in the IR spectrum of polystyrene correspond to the benzene ring in polystyrene? What 
bond(s) cause peaks near wavenumber 3000 cm−1?

Nature of Science Risks and problems with plastics

Scientific research often proceeds with perceived benefits in mind, but the risks and implications 
also need to be considered. The development of biodegradable plastics illustrates these aspects of 
science.

One popular biodegradable plastic is polylactide, or PLA. It is made from a monomer (lactide) 
derived from fermentation of corn starch. PLA is a synthetic polyester that biodegrades within 
a year (in industrial composting conditions), decaying much faster than conventional crude oil-
based plastics. However, it is non-biodegradable in the environment because its glass transition 
temperature (>50 °C) is too high and stops the hydrolysis. It will not, for example, degrade in 
home composting or if left lying around. It also prevents PET recycling if used as a bottle material.

Manufacturers use PLA because its method of synthesis is cheaper than the synthesis of 
other biodegradable plastics; because it is bioderived much of the economics depends on corn 
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farming subsidy. In addition, PLA is biocompatible and can be used in biomedical applications, 
such as in medical plates and screws that can be degraded and absorbed by the body.

However, PLA is brittle, thermally unstable and hydrophobic. PLA degrades by hydrolysis 
with no need for external enzymes, but creates a large build-up of lactic acid during degradation, 
which can cause problems in biomedical applications due to the decrease in pH.

ToK Link
The products of science and technology can have a negative impact on the environment. Are scientists 
ethically responsible for the impact of their products?

Much of the investment in science in recent years has been motivated by wars, such as World War II and 
the Cold War. This use of human and financial resources is one factor that has helped focus the attention 
on ethics in science, and it is clear that since World War II, the interest in ethics in science has increased 
tremendously. Another factor is the discovery of abuses of power in scientific experimentation, such as 
the experimentation carried out by the Nazi doctors and various scandals involving disclosures of fraud, 
falsification of research data, and other forms of scientific misconduct.

The traditional position of the majority of scientists has been (very simply phrased) that they were seekers 
of objective truth who shall not be, to quote Robert Hooke (1663), ‘meddling with Divinity, Metaphysics, 
Moralls, Politicks, Grammar, Rhetorick, or Logick’. 

In modern terms, science should not as such deal with any subjective matters, notably those related to 
religion, politics, ethics or social responsibility. Seeking and finding scientific facts and proposing theories 
was supposed to be the scientists’ task. The application of this scientific knowledge was not considered to 
be the scientists’ responsibility, but the responsibility of politicians and other lawmakers and regulators.

22.8 Superconductivity and X-ray 
crystallography (AHL) – superconductivity is zero electrical resistance 
and expulsion of magnetic fields. X-ray crystallography can be used to analyse structures

 ■ Superconductivity
Our electronic devices depend on the use of electricity. However, when an electric current flows 
in a conductor, some of the electrical energy is transferred to heat. This is known as the heating 
effect of an electric current and is due to the resistance of the conductor.

In 1911 the German physicist Heike Kamerlingh Onnes (1853–1936) discovered that mercury 
(when cooled in liquid helium) lost all its resistance at 4.2 K and transmitted current without any 
electrical energy being converted to heat. In 1913 lead was found to superconduct at 7 K, and in 
1930 the metal niobium was found to superconduct at 9.3 K. A perfect superconductor exhibits 
perfect diamagnetic behaviour (see section 22.2).

An electric current is a flow of electrons from high potential to low potential. Electrons will 
flow through a conductor when a voltage (or electromotive force) from a battery or power supply 
is applied. When the electrons in the current collide with the metal ions (cations), they lose 
kinetic energy. This energy is converted to thermal energy (heat) and the temperature of the 
conductor increases. The conductor is said to have electrical resistance.

At higher temperatures the metal ions in the conductor vibrate even faster with greater 
amplitude. This increases the resistance to the electric current (electron flow) and hence 
resistance of a metal conductor increases with temperature. When a metal is cooled the 
metal ions vibrate less, offering an easier path, so the resistance decreases. Except at very low 
temperatures, this leads to a resistance which increases linearly with increasing temperature. 
The vibrations of the lattice can be viewed as waves called phonons, and the decrease in 
resistance at low temperatures is caused by a reduction of electron–phonon scattering.

30 Edward Teller, who was involved in the development of the atomic bomb, wrote in a letter to Leo Szilard: 
‘...I have no hope of clearing my conscience. The things we are working on are so terrible that no amount 
of protesting or fiddling with politics will save our souls...’

 Apply the different ethical theories from the ToK course, for example deontology and utilitarianism, and 
discuss whether the atomic bomb should have been developed and used.
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At sufficiently low temperatures the resistance due to lattice collisions becomes smaller than 
the resistance due to collisions with impurities. This means that the total resistance is not linear 
with temperature at low temperatures, but rather tending towards a constant value. This is seen 
in the resistance curve against temperature for platinum in Figure 22.101.

■■ Figure 22.95  
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In mercury and many other metals, for example beryllium, aluminium, zinc, gallium and some 
alloys, as temperature is decreased, at a certain critical temperature (Tc), the resistance rapidly 
decreases to zero (Figure 22.95). Under these conditions an electric current could theoretically flow 
forever without conversion to heat. This phenomenon is known as superconductivity. 

The main problem in using the superconductivity of metals is the relatively low value of the 
critical temperature, which is only a few degrees above absolute zero. To cool a metal to these low 
temperatures, liquid hydrogen or helium has historically been used. These liquids are expensive 
and considerable care is required with insulation to maintain the very low temperatures. 

Cryocoolers are now used to reach very low temperatures without the need for liquid 
hydrogen or helium. Their use is increasing as the technology improves driven by the fact that 
demand for helium (partly driven by the growth of MRI (Chapter 21) is outstripping the global 
supply (helium is extracted as a by-product of oil and natural gas extraction).

High-temperature superconductors
A breakthrough in superconductivity research occurred in 1987 when so-called ‘high-
temperature’ ceramic superconductors were discovered. Among the first to be studied was 
yttrium barium copper oxide, YBa2Cu3O7-x, where x is a very small number. It is prepared by 
heating solid samples of BaCO3, Y2O3 and CuO at 940 °C over a period of days followed by 
rapidly cooling (quenching) to room temperature. The substance forms a layered structure 
including planes containing copper and oxygen and is slightly oxygen deficient compared with 
the perfect crystal structure, YBa2Cu3O7. This structure allows superconductivity to occur on 
cooling to 77 K. This is achieved by the use of liquid nitrogen which is a relatively cheap and 
available substance, used commonly in industry and hospitals.

Meissner effect
A superconductor can be readily identified by the Meissner effect (Figure 22.96). 
When cooled below its critical temperature, a superconductor will create a mirror 
image of an external magnetic field, so that the total magnetic field inside the 
superconductor is zero. Electrical currents flow in the superconductor to generate a 
magnetic field that is equal and opposite to the applied magnetic field so that the 
sum of the applied and induced magnetic fields in the superconductor is zero.

When a magnet is brought near the surface of a superconductor, electrical currents 
flow in the superconductor close to its surface and, as in an electromagnet, this leads 
to a generated magnetic field. The superconductor responds to the applied magnetic 
field by creating a magnetic field that is the exact mirror image of the magnet’s field.

■■ Figure 22.96 The Meissner effect: 

the floating magnet is only in 

contact with air
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The superconductor behaves as an identical copy of the magnet with 
like poles facing each other. When the magnet is removed from the 
superconductor the magnetic field disappears (Figure 22.97).

A complete and detailed explanation of superconductivity requires quantum 
theory, but a simplified description is based on the ideas that electrons flow 
through superconductors in pairs (called Cooper pairs). The Cooper pairs 
are believed to move through the lattice in a concerted way with the lattice 
vibrations, resulting in no electron scattering and zero electrical resistance.

Bardeen–Cooper–Schrieffer (BCS) theory
The established theory explaining superconductivity is known as BCS theory 
and is named after the American physicists John Bardeen, Leon Cooper and 
John Schrieffer who were awarded the 1972 Nobel Prize. The BCS theory 
and competing theories explaining superconductivity are an active area of 
research. None of the theories accurately predicts which compounds might be 
high-temperature superconductors.

Type I superconductors are all pure metals and show zero electrical 
resistance below a critical temperature, zero internal magnetic field (Meissner 

effect) and a critical magnetic field above which superconductivity suddenly stops. The 
superconducting state cannot exist in the presence of a magnetic field greater than a critical 
value, even at temperatures near absolute zero. Type I superconductors are often termed ‘soft’ 
superconductors because they lose their superconductivity at relatively low temperatures and in 
the presence of weak magnetic fields.

The superconductivity in type I superconductors is modelled and described well by the 
BCS theory, which relies upon electron pairs coupled by lattice vibration interactions. At low 
temperatures the positive ions in the lattice are distorted slightly by a passing electron. A second 
electron is attracted to this slight positive deformation and a coupling of these two electrons occurs.

Superconductors made from alloys or compounds are termed type II superconductors. They are 
harder than type I superconductors and have a much more gradual transition to superconductivity, 
but more importantly they have much higher critical magnetic fields. They can be exposed to a 
much stronger magnetic field than a type I superconductor before they stop being superconducting 
and show a gradual transition with a mixture of normal and superconducting properties.

Structure of superconductors
The structures of superconductors have been studied using 
the technique of X-ray crystallography. The structure 
of YBa2Cu3O7 is derived from the perovskite structure. 
Stacking three perovskite unit cells (of stoichiometry 
ABO3) directly on top of each other produces a material 
with the stoichiometry A3B3O9 (3 × ABO3). If the A 
type cations are replaced by two barium ions (Ba2+) 
and one yttrium ion (Y3+) in the sequence Ba-Y-Ba-Ba-
Y-Ba-Ba in the tripled perovskite and the B cations are 
copper(ii) ions (Cu) then the compound stoichiometry is 
YBa2Cu3O9. If two oxide ions are removed then a ceramic 
superconductor with the formula YBa2Cu3O7 is generated.

If the oxidation state is calculated for copper in 
YBa2Cu3O7 assuming normal oxidation states for the 
other elements (Y +3; Ba +2 and O −2), then the average 
oxidation state is +7/3. This calculation and chemical 
analysis suggests the presence of one copper(iii) ion 
and two copper(ii) ions. The Cu3+ ions are in the Cu(1) 
plan of the superconductor and the Cu2+ ions are in the 
square pyramidal Cu(2) structure (Figure 22.98).

■■ Figure 22.97 An ordinary conductor 

(left) shows random electron movement 

and allows magnetic field (flux) 

penetration, but a superconductor 

(right) excludes any magnetic field (flux) 

penetration, creating a mirror image of 

any nearby magnetic field
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■■ Figure 22.98 Idealized structure of YBa2Cu3O7
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In 1995 it was discovered that when carbon-60 (Chapter 4) reacts with an alkali metal, it 
becomes an electrically conducting material, K3C60 [3K+ C60

3−], and becomes superconducting 
at about 40 K. Even more recently, the simple binary compound magnesium diboride, MgB2, 
was found to become superconducting at 39 K. This is an important discovery since MgB2 is 
a semiconductor and a relatively cheap material. Related compounds may have even higher 
superconducting transition temperatures.

There is considerable scope for searching for superconductivity in new materials, and 
imaginative chemical synthesis is an important activity in the field. Furthermore, there is no 
theoretical upper limit on the operating temperature for superconductivity, so there is hope that 
one day superconductors that work at even higher temperatures will be found, perhaps even 
room temperature.

31 Deduce the 
average oxidation 
state of copper in 
YBa2Cu3O6. 

32 Find out about the synthesis, properties (including transition temperature) and potential uses of K3C60.

Nature of Science  Theories of superconductivity

Superconductivity is usually described in terms of the BSC theory postulated in 1957. The key 
feature of this model are Cooper pairs, which consist of two electrons of opposite spin (obeying 
the Pauli exclusion principle) and momentum which are brought together by a cooperative effect 
also involving the ions (nuclei and bound electrons) in the vibrating crystal lattice. 

The cooperative nature of superconductivity is a key part of 
its fundamental nature; that is, superconductivity is about a large 
number of electrons forming Cooper pairs – if you break a few, the 
remaining pairs are also less strongly bound. 

Cooper pairs of electrons (Figure 22.99) remain bound as spin 
pairs below the critical temperature, forming a single quantum 
state, and their presence gives rise to resistance-free conductivity. 

The model holds for the earliest known superconductors, 
such as solid mercury. Although Cooper pairs may still be 
significant for the high-temperature cuprate superconductors, new 
theories are required. Currently, no complete explanation for the 
conducting properties of high-temperature superconductors has 
been formulated.

Figure 22.100 shows a simple explanation of the formation of 
Cooper pairs in a BCS superconductor (either type I or type II) 
such as niobium (body-centred cubic structure). As a negatively 
charged electron passes between the niobium cations in the 
lattice, the cations are attracted inwards and this distortion 
creates a region of higher positive charge which attracts another 
electron to this position in the lattice. The two electrons then pair 
up to form a Cooper pair and travel through the lattice. In effect 
the atoms of the niobium lattice oscillate, creating temporary 
positive and negative regions which push and pull the Cooper pair 
of electrons along.

Imagine that some energy is gained by the lattice from the first 
electron – this then moves (propagates) through the lattice in the 
form of a wave called a phonon. If the phonon, which is a quantized 
object, is absorbed by a second electron, the second electron gains 
all of its energy. The electrons are paired into Cooper pairs if the 
overall energy state is lower as a result of this process. The Cooper 
pairs are in a single quantum state and are then able to move 
through the lattice without colliding with the ions. Since there is 
no loss of energy there is no electrical resistance. 

However, if the substance is not at a sufficiently low 
temperature, lattice vibrations are strong enough that they are 

■■ Figure 22.99 A Cooper pair: the arrows represent 

direction of movement and p represents momentum 

(mv); spin down and spin up can be interpreted as 

clockwise and anticlockwise directions of spin

spin down spin up
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p
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■■ Figure 22.100 Formation of Cooper pairs in 

a BCS superconductor
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able to break up the Cooper pairs and so superconductivity can only occur below a critical 
temperature. The problem at higher temperatures is not a reduction of the strength of the 
pairing interaction but an increase in the thermal fluctuations that break up the Cooper pairs.

Magnetic fields play an important role in the field of superconductivity. Electricity and 
magnetism are closely related and electromagnetism is very relevant to how superconductors 
work: moving electrons induce a magnetic field (motor effect) and a changing magnetic field 
around a conductor induces a current (generator effect). Many of the modern instruments that 
are used in superconductor research involve both magnetic fields (generated or measured) and 
the measurement of magnetic properties of materials. All atomic magnetic effects arise from 
the orbital motion of the electron and form a property of the electron known as spin. A second 
form of spin is intrinsic to the electron and, although in reality a purely quantum effect, is often 
visualized as an electron spinning around its axis. 

Analysis of resistance versus temperature data for type I and type II 
superconductors
If an external magnetic field is applied to a superconductor and steadily increased, a point 
is reached when the magnetic field (magnetic flux) penetrates the substance and the 
superconducting properties are lost. If the transition is sharp, the superconductor is classified as a 
type I superconductor, and the field strength at which the transition occurs is termed the critical 
magnetic field. A type II superconductor undergoes a gradual transition from superconductor to 
normal conductor.

Figure 22.101 shows the plots of resistance versus temperature for mercury (a type I 
superconductor) and platinum (a normal conductor). Note that the resistance of mercury follows 
the path of a normal metal above the critical temperature, Tc, and then suddenly drops to zero at 
the critical temperature, which is 4.15 K for mercury. In contrast, the data for platinum shows a 
finite resistance R0 even at very low temperatures.

■■ Figure 22.101 Plots 

of resistance versus 

temperature for 

mercury and platinum

The resistance of type II superconductors shows similar behaviour to type I superconductors 
with a sudden rapid decrease in resistance at a specific temperature. Figure 22.102 shows a plot of 
resistance against temperature for YBa2Cu3O7, a ceramic-based type II superconductor. The graph 
is similar to that of a type I superconductor except it has a much higher critical temperature.
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33 The data in Table 22.6 was obtained from a bulk sample of YBa2Cu3O7. Calculate the resistance for 
each trial given that a constant current of 100 mA was flowing through the sample. Use Ohm’s law,  
V = I × R, where V is the voltage (V), I is the current (A) and R is the resistance in ohms (Ω).

Voltage/V Absolute temperature/K Resistance/Ω

0.0010370 118.2

0.0010270 116.1

0.0010600 114.8

0.0010490 112.9

0.0010350 110.9

0.0010220 109.1

0.0010090 106.9

0.0010010 105.0

0.0009890 103.5

0.0009750 102.2

0.0009670 100.0

0.0009510 97.9

0.0009440 95.8

0.0009180 95.0

0.0009110 94.3

0.0008920 93.8

0.0008440 93.5

0.0007830 93.2

0.0006390 93.0

0.0005050 92.6

0.0003790 92.3

0.0002430 92.1

0.0000930 91.7

0.0000100 91.4

0.0000030 91.0

■■ Table 22.6 Data from YBa2Cu3O7

 Plot a graph using a spreadsheet of resistance against temperature and estimate the critical 
temperature, TC.

Applications of superconductors
The first large-scale commercial application of superconductivity was in magnetic resonance 
imaging (MRI) (Chapters 21). This is a non-intrusive medical imaging technique that requires 
a person to be placed inside a large and uniform electromagnet with a high magnetic field. 
Although normal electromagnets can be used for this purpose, because of resistance they would 
dissipate a great deal of heat and have large power requirements. 

Superconducting magnets, on the other hand, have almost no power requirements apart 
from operating the cooling. Once electrical current flows in the superconducting wire the power 
supply can be switched off because the wires can be formed into a loop and the current will 
persist indefinitely as long as the temperature is kept below the transition temperature of the 
superconductor.

Superconductors can also be used to make a device known as a superconducting quantum 
interference device (SQUID). This is incredibly sensitive to small magnetic fields so that it 
can detect the magnetic fields from the heart (10−10 Tesla) and the brain (10−13 Tesla). For 
comparison, the Earth’s magnetic field is about 10−4 Tesla. As a result, SQUIDs are used in 
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non-intrusive medical diagnostics on the brain and in other applications requiring detection 
of very small magnetic field variations, such as geophysical surveys. SQUIDs are also used in 
submarines for detecting undersea mines.

Levitating trains have been built that use powerful electromagnets made from 
superconductors. The superconducting electromagnets are mounted on the train. Normal 
electromagnets, on a guideway beneath the train, repel (or attract) the superconducting 
electromagnets to levitate the train while pulling it forwards.

Large and powerful superconducting magnets are also needed in particle accelerators and 
nuclear fusion reactors (Chapter 24). Superconductors are ideal transmitters of electrical energy, but 
a major challenge is that type II superconductors which operate at higher temperatures are ceramic 
in nature, and hence are not at all straightforward, due to their brittleness, to make into wires and 
electrical components. Type II superconductors can be made into tapes for carrying current.

■■ X-ray crystallography
The structure of crystalline solids (metals, ionic solids and molecular solids) is determined by X-ray 
diffraction (Chapter 21). Type II superconductor cuprates have complex arrangements of ions 

in their crystal lattices and knowledge of their structural 
features can help explain their superconducting behaviour.

Lawrence Bragg proposed in 1912 that the formation 
of diffraction patterns could be explained by assuming 
that the X-rays were reflected from the various planes of 
particles in a crystal.

Figure 22.103 shows that the difference in the distance 
travelled by X-rays reflecting from two different planes is 
2d sin θ. For constructive interference of X-rays:

nλ = 2d sin θ  Bragg’s equation (given in section 1 of the 
IB Chemistry data booklet)

d = interplanar distances, λ = wavelength of the X-rays,  
n = 1,2,3… positive integer, reflects the order of reflection 
(typically only first order reflections are considered) and θ 
is the angle of reflection (which increases with increasing 
order of reflection).

Worked example

X-rays from a copper X-ray tube (λ = 154 pm) were diffracted at an angle of 14.22° by a crystal of silicon. 
Assuming first-order diffraction (n = 1), deduce the interplanar spacing in silicon (in pm).

d = nλ/2sin θ = (1 × 154 pm)/[2 × sin(14.22°)] = 313 pm

Crystal lattices and unit cells
A crystal can be imagined to be generated from the repeating of some basic unit 
of patterns of atoms, ions or molecules. A lattice is a regular three-dimensional 
arrangement of identical points in space. Each point in a crystal lattice represents one 
particle (atom, ion or molecule) and the points are joined by straight lines to show the 
geometry of the lattice.

For every crystal lattice it is possible to select a group of lattice points which are 
repeated many times in the crystal lattice. This part of the crystal lattice is termed 
the unit cell. The entire lattice can be generated by the stacking of these unit cells. 
A unit cell may be defined as a three-dimensional group of lattice points that generates 
the whole lattice by stacking. Figure 22.104 shows the relationship between a crystal 
lattice and its unit cell. The number of nearest neighbours for a particle in a lattice is its 
coordination number. 

■■ Figure 22.103 The extra distance travelled by X-ray wave 2  

is 2 × 2d sin θ and for constructive interference nλ = 2d sin θ
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■■ Figure 22.104 A crystal 

lattice with the shaded portion 

representing the unit cell

34 Calculate the 
frequency (in Hz) 
of X-rays with a 
wavelength of 1 nm.
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Types of unit cells
There are three cubic unit cells (Figure 22.105) which are present in many crystalline substances:
■■ ■ simple or primitive cubic unit cell in which the atoms are present only at the corners.
■■ ■ face-centered cubic in which the atoms are present at the centre of each face in addition to 

atoms at the corners
■■ ■ body-centered cubic in which atoms are present at the centre of the cube in addition to atoms 

at the corners.

Calculation of the number of particles in a unit cell
In order to calculate the number of particles in a unit cell, the following rules (Figure 22.106) 
must be obeyed:
1   Each particle at the corner of a unit cell is shared by eight unit cells in the lattice and hence 

contributes only 1/8 to a particular unit cell (Figure 22.106a).
2   A particle at the edge centre is shared by four unit cells in the lattice and hence contributes 

only 1/4 to a particular unit cell (Figure 22.106b).
3   A particle at the centre of the face of a unit cell is shared by two unit cells in the lattice and 

contributes only 1/2 to a particular unit cell ( Figure 106c).
4 A particle at the body centre of a unit cell belongs only to the particular unit cell = 1 particle.

Simple cubic unit cell
In a simple cubic unit cell, there are eight atoms at the corner and each atom makes 1/8 
contribution to the unit cell (Figure 22.107a). Hence, a simple cubic unit cell has

8 (at corners) × 1
8
 = 1 atom

Body-centered cubic unit cell
A body centered cubic unit cell has eight atoms at corners and one at the centre (Figure 
22.107b). Each corner makes 1/8 contribution and the atom at the centre belongs only to the 
particular unit cell. Hence, a body centred cubic unit cell has

8 (at corners) × 1
8
 + 1(at centre of unit cell) × 1 = 2 atoms

■■ Figure 22.105 Cubic 

unit cells

simple cubic face-centred cubic body-centred cubic

■■ Figure 22.106 

Calculating number of 

particles in a unit cell

a b c
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Face-centered cubic unit cell
A face-centered cubic unit cell has one atom at each corner (there are eight corners of a cube) 
and one atom at each face centre (a cube has six faces) (Figure 22.107c). An atom at the face 
centre is being shared by two unit cells and makes a contribution of only 1/2 to a particular unit 
cell. Hence, a face-centred cubic unit cell has

8 (at corners) × 1
8
 + 6 (at face centres) × 1

2
 = 4 atoms

Table 22.7 summarizes the simple cubic, body-centered and face-centred cubic crystal structures.

Unit cell
Number of particles 
involved

Number of 
particles per 

unit cell
Coordination 

number

Percentage of cell 
volume occupied 

by atoms

Simple cubic 8;1 at each corner 1 6 52%

Body-centered 
cubic

9;1 at each corner 
and a central atom

2 8 68%

Face-centered 
cubic

14;1 at each corner 
and 1 on each face

4 12 74%

■■ Table 22.7 Summary 

of simple cubic, body-

centered and face-

centered cubic crystal 

structures for metals

The packing efficiencies can be calculated for the various crystal structures using simple 
geometry and assuming the particles are perfect spheres. The remaining spaces are known 
as interstitial spaces. These can be occupied by small atoms in some compounds (interstitial 
compounds).

Worked example

A solid has a cubic structure in which atoms of X are located at the corners of the cube, Y atoms are located 
at the cube centres and oxygen atoms are at the edge centres. Deduce the formula of the compound.

There are eight corners in a cube and each corner has an atom of X present located there. Each atom of X 
at the corner makes 1/8 contribution towards a particular unit cell.

The number of atoms of X per unit cell = 8 × 
1
8

 = 1. The Y atom present at the centre belongs to a particular 

unit cell. The number of atoms of Y per unit cell = 1 × 1. There are 12 edges of a cube and each edge has 

an atom of oxygen present at the edge centre. Each atom of oxygen present at the edge centre makes 1/8 

contribution towards a particular unit cell. The number of oxygen atoms per unit cell = 12 × 
1
4

 = 3. The 
formula of the compound is therefore XYO3.

■■ Figure 22.107 Space filling models of simple cubic, body-centred and face-centred 

cubic crystal structures

a b c
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Calculations based on X-ray crystallography
The radius of an atom can be determined from the packing structure (lattice) and the 
distance between atoms from X-ray diffraction analysis of the solid. A simple cubic unit 
cell has particles touching each other as shown in Figure 22.108. The length of a side of 
the unit cell cube, d, is therefore equal to the diameter of the atom, hence r = d/2.

For a face-centered cubic structure the atoms touch along a diagonal, but not along 
the edge (Figure 22.109). The diagonal represents four atomic radii, so using Pythagoras’s 
theorem:

  (4r)2 = d2 + d2 or (4r)2 = 2d2

  so r = √2d/4

For a body-centered cubic structure (Figure 22.110) the atoms touch along the diagonal of the 
cube of the unit cell and applying Pythagoras’s theorem:

(diagonal of cube)2 = length2 + width2 + height2

The unit cell cube diagonal is 4r (the diameter of the central atom and the atomic radii of each 
corner atom), so since length = width = height = d:

(4r)2 = 3d2; r = √3d/4

■■ Figure 22.109 Face-centered 

cubic unit cell
■■ Figure 22.110 Body-centered cubic unit cell

Table 22.8 summarizes the atomic radius in terms of the length of the unit cell for different 
metallic crystal structures. Similar approaches can be taken to estimate the size of ions assuming 
that the cations and anions are spherical and touch.

■■ Table 22.8 Atomic 

radii in terms of the 

length of the unit cell 

for three common 

metallic lattices (crystal 

structures)

Unit cell Atomic radius/r

Simple cubic d/2

Body-centered cubic √3d/4

Face-centered cubic √2d/4

Worked example

Nickel crystallizes in a face-centered cubic unit cell with a cell-edge length of 0.3524 nm. Calculate the 
radius (in nm) of a nickel atom. 

r = √2d/4; r = √ 2 × (0.3524 nm/4) = 0.1246 nm

■■ Figure 22.108 Simple cubic 

unit cell
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The edge length of a unit cell can be determined by X-ray diffraction and the number of atoms 
per unit cell can be deduced from knowledge of the type of lattice. Knowing the edge length, the 
number of atoms per unit cell and molar mass of the element, the density of the unit cell can be 
calculated as follows:
■ Edge of unit cell = a pm = a × 10−10 cm
■ Volume of unit cell = a3 × 10−30 cm3

■ Mass of unit cell = number of atoms in the unit cell × mass of each atom = z × m
■ Mass of each atom = molar mass/Avogadro constant = M/NA

■ Density of the unit cell = mass of unit cell/volume of the unit cell
■ Density of the unit cell = (z × M)/(a3 × NA × 10−30) g cm−3. If a is expressed in ppm, then the 

density will be expressed in g cm−3. The density of the unit cell is the same as the density of 
the substance.

35 At 20 °C iron 
adopts the body-
centered cubic 
structure with 
atoms of atomic 
radius 0.124 nm. 
Calculate the length 
of the cube edge of 
the iron unit cell.

Worked example

Niobium crystallizes in a body-centered cubic structure. The density of niobium is 8.55 g cm−3 and its molar 
mass is 92.91 g mol−1. Calculate the atomic radius in ppm.

In a body-centred cubic structure, the number of atoms per unit cell is 2.

Density = (2 × 92.91)/(6.02 × 1023 × 10−30 × 8.55) = 3.61 × 107 = 330.5 ppm

But in a body-centered cubic structure the diagonal is equal to four times the radius of the atom:

4r = √3a = √3 × 330.5; r = 143 ppm

■■ Structure of simple ionic compounds 
Structure of sodium chloride 
Sodium chloride consists of sodium ions, Na+, and chloride ions, Cl−. The chloride ions are 
larger than the sodium ions. The sodium ions are located at the corners and faces of a cube with 
the chloride ions on the edge and in the middle of the cube. The lattice, known as the rock salt 
structure, can be regarded as being composed of two face-centred cubic structures (one for each 
type of ion) that overlap. There are six chloride ions around every sodium ion (and vice versa). 
Hence, the coordination number of each ion is 6. The rock salt structure is described as showing 
6 : 6 coordination. The ratio of 6 : 6 of sodium to chloride ions simplifies to 1:1, which agrees with 
the formula, NaCl.

The unit cell of sodium chloride has 4 sodium ions and 4 chloride ions as calculated below:
■ Number of sodium ions = 12 (at edge centres) × 

1
4 + 1 (at body centre) × 1 = 4

■ Number of chloride ions = 8 (at corners) × 
1
8 + 6 (at face centres) × 1

2
 = 4

Hence the number of NaCl formula units per unit cell is 4. Most of the halides of alkali metals 
(group 1) and oxides of alkaline earth metals (group 2) metals have the rock salt structure.

Caesium chloride structure
The caesium chloride unit cell consists of eight caesium ions in a simple cubic arrangement, with 
a single chloride ion at the centre of the cube. The caesium chloride structure can be regarded as 
being formed from two interlocking cubic arrangements of caesium and chloride ions.

This structure has an 8 : 8 coordination: each caesium ion is touching eight chloride ions and 
each chloride ion is touching eight caesium ions.
The unit cell of caesium chloride has one caesium ion and one chloride ion as calculated below:
■ Number of chloride ions = 8 (at corners) × 

1
8 = 1

■ Number of caesium ions = 1 (at the body centre) × 1 = 1

Hence, the number of CsCl formula units per unit cell is 1.
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Zinc blende
Zinc sulfide can occur in two different crystalline forms: zinc blende and 
wurtzite. The unit cell of the zinc blende structure consists of sulfide ions in 
a face-centred cubic arrangement (Figure 22.111). Each cell contains four zinc 
ions arranged at the corners of a tetrahedron. The tetrahedron sits completely 
inside the cube. The coordination number of the zinc ions is the same as the 
sulfide ion.

Fluorite structure
This mineral is calcium fluoride, CaF2, and has a structure based on two 
cubic arrangements. In Figure 22.112 calcium ions are shown in a face-
centred cubic arrangement and inside this cube is a second cube of fluoride 
ions. Each calcium ion has eight fluoride ions for its nearest neighbours. 
However, each fluoride ions exists within a tetrahedral arrangement of 
calcium ions; so the fluoride ions have four calcium ions around them. This 
ratio (8 : 4) of the coordination number for calcium to fluoride ions preserves 
the ratio in formula CaF2.

Perovskite structure
Pervoskite is a mineral with the formula CaTiO3. The calcium ions, Ca2+, lie 
at the corners of a cube. The oxide ions, O2−, lie on the faces of the cube, and 
the titanium(iv) ion, Ti4+, lies at the centre of the cube. High-temperature 
type II cuprate superconductors have structures based on perovskite.

36 Draw the unit cell of the pervoskite structure based on the description given above.

ToK Link
X-ray diffraction has allowed us to probe the world beyond the biological limits of our senses. How reliable 
is our knowledge of the microscopic world compared to what we know at the macroscopic level?

X-ray diffraction gives researchers the detailed structures of molecules (with the exception of hydrogen 
atoms due to their low electron density) in the crystalline state. To ‘look at’ any system we need to use 
electromagnetic radiation that is of a wavelength comparable to the dimensions of the molecule. Hence 
X-rays which have wavelengths comparable to the bond lengths in molecules are ideal for studying 
their structures. Because X-rays cannot be focused easily (like light), the image has to be reconstructed 
computationally in the form of an electron density map. Electrons can also be used, as in electron 
microscopy, but they give a much less precise picture of molecules. Electrons can be focused using a 
magnetic lens so we can get a direct image of the sample. They are ideal for subcellular structures, for 
example the nucleus, and macromolecular assemblies, for example ribosomes.

Our empirical knowledge of the microscopic world is less reliable than at the macroscopic level. Experimental 
measurements have greater percentage errors as the measurements become smaller. The microscopic world of 
atoms, molecules and electrons is governed by quantum mechanics including the uncertainty principle. There is 
no definite end to the electron density of atoms and molecules – their edges are ‘fuzzy’ and imprecise.

■■ Figure 22.111 The zinc blende 

structure

= sulfide
ions, S2–

= zinc
ions, Zn2+

formula ZnS

■■ Figure 22.112 The fluorite structure

calcium ions

fluoride ions

formula CaF2

a

b

22.9 Condensation polymers (AHL) – condensation polymers 
are formed by the loss of small molecules as functional groups from monomers join

Condensation polymers are formed by a reaction that covalently bonds monomers together and 
produces small molecules as a condensation product. Hydrogen chloride and water molecules 
are common condensation products. (Ammonia molecules may also be formed during the 
formation of an organo-silicon polymer.) A condensation reaction involves an addition reaction 
immediately followed by the elimination of a small molecule. 

Condensation polymerization involves the reaction of two types of monomers both with 
reactive functional groups at the ends of the molecule. Nylon, Kevlar, polyurethanes and phenol-
methanal resins are all examples of artificial condensation polymers. Proteins, starch, DNA and 
cellulose are all natural condensation polymers.
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Condensation polymers form more slowly than addition polymers, often requiring heat, 
and they are generally lower in molar mass. The terminal functional groups on a chain 
remain active, so that groups of shorter chains combine into longer chains in the late stages of 
polymerization. The presence of polar functional groups on the chains often enhances chain-
chain attractions, particularly if these involve hydrogen bonding.

Nature of Science  The plastic age

If an era is known by the kinds of materials its people use to build the world in which they live, 
then the Stone Age, the Bronze Age and the Iron Age have given way to our own Plastic Age 
or Age of Polymers. The first commercially successful truly synthetic polymer was made in 1907 
by the Belgian-American chemist, Leo Baekeland. He mixed phenol and methanal and from 
the reaction mixture obtained a resinous material which he called Bakelite. During this period 
no technological advancement, other than the delivery of electrical power to our homes, has 
impacted our lives more than the widespread use of synthetic plastics. Indeed safe electrical 
wiring is made possible with the use of plastics.

■■ Types of condensation polymers
Polyesters
The product formed by the condensation reaction between an alcohol and a carboxylic acid is 
called an ester (Chapter 10). If two bifunctional molecules, one containing alcohol groups and the 
other carboxylic acid groups, react, it should be possible to form a long-chain molecule, a polyester. 
Such a molecule would be a condensation polymer (or a step polymer in modern terminology).

For instance, if a dihydric alcohol or diol such as ethane-1,2-diol is reacted with a dicarboxylic 
acid such as benzene-1,4-dicarboxylic acid then a polyester known as polyethylene terephthalate 
(PET) is produced (Figure 22.113). In its fibre form this polyester is known as Terylene in the UK 
and as Dacron in the USA. However, it can be produced as a packaging film (Mylar, Melinex) or in 
a form suitable for making bottles, when it is referred to as PET (poly(ethylene terephthalate)). 

The different Terylene chains are not particularly strongly attracted together as there is 
no capacity for hydrogen bonding between the chains. There are London (dispersion) forces 

■■ Figure 22.114 The dipole–dipole interactions between adjacent chains in polyethylene terephthalate (Terylene)
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between the chains, and weak dipole–dipole interactions can take place between the polar 
carbonyl >C=O groups as shown in Figure 22.114. The physical properties of a polymer are 
dependent on three factors. The inter-chain forces mentioned here, the crystallinity of the 
structure and the orientation of the chains all play their part. Although the intermolecular 
forces in this polymer are relatively weak, the chain is stiff and rigid, with very little rotation 
about the bonds. Crystallization of this polyester is slow and so various forms of the polymer can 
be made. The molten polymer can be extruded to form fibres that are useful for materials for 
making clothes (Figure 22.115). Since it has the useful property of being able to form permanent 
creases, it has been used extensively in the production of trousers and skirts. Currently the 
market is for approximately 60 per cent fibre production but this material can also be used 
for packaging films. In addition a polyester resin (PET) can be produced which has a low 
permeability to carbon dioxide and so is used extensively in bottling carbonated drinks.

The production of nylon
Nylon was originally made by the reaction of a diamine with a dicarboxylic acid. The two 
monomers used initially were 1,6-diaminohexane and hexane-1,6-dioic acid. The polymer chain 
is made up from the two monomers reacting alternately and results in the chain type:

—A—B—A—B—A—B—A—B—A—B—A—B—A—B—A—

Each time a reaction takes place between the two monomers a molecule of water is lost. This is 
a further example of condensation polymerization (Figure 22.116a). The link formed repetitively 
between the monomers is an amide link and nylon is known as a polyamide. This link is that 
found in proteins, where it is often referred to as a peptide bond. 

There are various different forms of nylon, for example nylon-6,6 (Figure 22.116b) and 
nylon-6,10. The type of nylon depends on the number of carbon atoms in the monomers used. 
If the diamine used contains six carbon atoms and the dicarboxylic acid contains a chain of 
ten carbon atoms, then the resulting nylon is referred to as nylon-6,10. The formation of these 
different forms of nylon requires high temperatures and the presence of catalysts. The reactions 
are usually carried out under vacuum conditions to remove the water released. 

■■ Figure 22.115 
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■■ Figure 22.116 a The polymerization of 1,6-diaminohexane and hexane-1,6-dioic acid to form nylon.  

b Because the two monomers each contain a six-carbon chain, this form of nylon is known as nylon-6,6 
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When nylon is prepared by the reaction between a diamine and a dicarboxylic acid the 
reaction is actually quite slow. For a demonstration in the laboratory this can be speeded 
up by reacting the diamine with an acyl chloride (or acid chloride, a derivative of the acid 
where the –OH in the carboxylic acid group is replaced by a chlorine atom, Cl). In this case, 
the condensation reaction is much faster and hydrogen chloride is eliminated between the 
monomers instead of water (Figure 22.117a). The diamine is dissolved in water and a solution 
of the acyl chloride in hexane is layered carefully on top of the aqueous solution. The reaction 
takes place at the interface between the two immiscible solutions and the raw nylon can be 
spooled away as a ‘nylon rope’ (Figure 22.117b).

■■ Figure 22.117 a The monomers for the ‘nylon rope’ experiment (decanedioyl dichloride [or sebacoyl 

chloride] and 1,6-diaminohexane); b the ‘nylon rope’ can be continuously drawn off from the interface 

between the solutions of the two monomers. This experiment produces nylon-6,10

When nylon is made in industry it forms a solid, which is melted and then forced through fine 
jets and extruded. The long filaments cool and the solid nylon fibres produced are stretched to 
align the polymer molecules and then dried before spinning to stop high-temperature hydrolysis. 
The resulting yarn can be woven into fabric to make shirts, ties, sheets and parachutes or turned 
into ropes (Figure 22.118) or racket strings for tennis and badminton rackets. 

The molecular chains in nylon fibres interact by hydrogen bonding between the hydrogen 
atoms of the N−H groups of the amide link of one polymer chain with the > C=O groups on 
adjacent polymer chains (Figure 22.119). Thus nylon fibres contain strong hydrogen bonding 
between the chains but the chains do show high flexibility and, because nylon crystallizes 
quickly, the fibres are always semi-crystalline. These factors give nylon its distinctive properties 
when compared to other polymers.

■■ Figure 22.118  

A nylon climbing rope 

■■ Figure 22.119 Hydrogen bonding between adjacent nylon chains
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exceptional fire resistance and could be made into fibres. The starting monomer was modified 
to create straighter chains in the polymer and a polyaramid was produced with exceptional 
properties; it is now known as Kevlar (Figure 22.120).

■■ Figure 22.120 A section of the polymer chain in Kevlar 

In nylon the single covalent bonds within the polymer chain are free to rotate and this 
tends to make the polymer quite flexible. However, in the case of Kevlar the replacement 
of the straight hydrocarbon chain parts of the polyamide by rigid benzene rings makes the 
chains inflexible. This polymer is far more rigid than nylon. Kevlar is exceptionally strong, 
being five times the strength of steel on a weight for weight basis. In addition it is very 
fire resistant. These properties have led to a variety of uses in the aircraft and aerospace 
industry, for the manufacture of cables and ropes, and for protective clothing such as bullet-
proof vests and motorcycle helmets (Figure 22.121).

■■ ■The economic importance of condensation 
Polyamides and polyesters are just two examples of condensation polymers. The world 
production of nylon alone is currently estimated to exceed 5 million tonnes. We are very 
conscious of polyesters and nylon being used to make clothes and carpets. However, there are 
many other uses for condensation polymers. Nylon has high strength, resists abrasion and is 
easy to dye. Nylon fibres are used to make climbing ropes for mountaineering, and one of the 
main uses of nylon is in engineering (gears, etc.). The structure of nylon can be altered to give 
specific properties for a defined purpose by using fillers, pigments, glass fibre and toughening 
agents. Nylon film finds many everyday uses, including ‘boil-in-the-bag’ convenience meal 
packaging. The chemical and physical properties can also be altered by changing the number 
of carbon atoms in the two condensed carbon chains. Thus nylon-6,10 has the repeating unit 
−NH(CH2)6NHCO(CH2)8CO−. Kevlar is a polyamide that finds many uses for its strength and 
rigidity, including reinforcing the chassis of Formula 1 racing cars.

Discovery and development of polymers
Economics and politics has clearly played an important role in the discovery and development 
of new polymers. For example Imperial Chemical Industries (ICI) was formed in 1926 in the 
UK by the merging of smaller chemical companies. The aim of this merger was to form a strong 
competitor to the large German chemical company IG Farben. In 1993 two ICI chemists. 
Gibson and Fawcett, carried out a reaction between ethene and benzaldehyde using a pressure 
of about 200 atmospheres. They were expecting to produce a ketone and left the mixture over 
the weekend. On the Monday they opened the reaction vessel and found a white waxy solid. 
Upon analysis it was found that it had the empirical formula CH2. Later experiments under the 
charge of Michael Perrin showed the importance of oxygen that had leaked into the original 
reaction mixture. Perrin also demonstrated that the polymer (polyethene) was formed even if 
the benzaldehyde was left out of the reaction mixture. Its unique properties were essential during 
the development of radar during World War II. It was an excellent insulator with no tendency to 
absorb electrical signals and, unlike rubber, was not affected by weather or water.

Distinguishing between addition and condensation polymers
Addition polymerization generally occurs with unsaturated monomers containing a carbon–
carbon double bond. This usually involves a single monomer and so the polymer produced is a 
homopolymer – as with polypropene and polychloroethene (PVC) for example. Condensation 
polymerization occurs when the monomers contain two reactive functional groups – for 
example in the formation of polyamides such as nylon and polyesters, for example polyethylene 
terephthalate (PET). Such polymerization often involves two monomers and involves the 
elimination of water each time a link is made (hence the name for this type of polymerization). 

[setter: insert Figure 
22_121]

■■ Figure 22.121 This 

motorcycle helmet is 
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■■ Forming condensation polymers
Phenol–methanal plastics
These are prepared by adding acid or alkali to a mixture of phenol and methanal. Under these 
conditions the methanal is first substituted into the phenol molecule in the 2- or 4-position of 
the benzene ring (Figure 22.122a). Then the product undergoes a condensation reaction with 
another molecule of phenol with the elimination of water – further polymerization takes place 
to build up a long chain (Figure 22.122b), followed by covalent cross-linking to form a three-
dimensional structure (Figure 22.122c).

■■ Figure 22.122a  
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Phenol–methanal plastic (Bakelite) is a rigid plastic used for making electrical plugs 
and similar fixtures. It is chemically and thermally stable, with a high melting point. 
Famously it was used for the classic old telephones that are now antique pieces and for 
the casings for radios and clocks (Figure 22.123).■■ Figure 22.123  
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Polyurethanes
Polyurethanes are formed from the reaction of polyhydric alcohols, such as diols or triols 
(Chapter 20), with compounds containing more than one isocyanate functional group (−NCO). 
Generally the reaction is of the type shown in Figure 22.124.

Polyurethane chemistry is also used in the manufacture of textiles – for example, spandex or 
elastane (often known as lycra) is an elastomeric material based on polyurethane chemistry. 
Polyurethanes are often studied with condensation polymers but no small molecules are formed 
during the reaction. There are no urethane monomers that add together to form polyurethanes.

■■ The properties of condensation polymers
When polymers are able to form giant three-dimensional structures, as for example in phenol–
methanal plastics, the resulting polymer is extremely strong and rigid. These polymers are 
also insoluble and generally resistant to chemical attack. The following are some examples of 
addition and condensation polymers that brought novel properties to the use of such materials.

Kevlar
One example of a polymer with novel qualities is Kevlar (Figure 22.125), the material from which 
lightweight bulletproof vests, and composites for motor-cycle helmets and body armour are made 
(Chapter 20). Kevlar is a polyamide made by condensing 1,4-diaminobenzene with benzene-
1,4-dicarbonyl chloride (or the corresponding carboxylic acid). Kevlar forms a strong three-
dimensional structure due to hydrogen bonding between the long, rigid chains.

■■ Figure 22.125 a The 

formation of Kevlar 

from its monomers. 

b The structure of 

Kevlar showing the 

hydrogen bonding 

between chains

■■ Figure 22.124 The formation of a polyurethane chain
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PEEK
PEEK, poly(ether-ether-ketone), is a polymer that can withstand very high temperatures. It is a 
further example of a copolymer and its structure is shown in Figure 22.126.

■■ Figure 22.126 The 

synthesis of PEEK from 

4,4’-difluorobenzo-

phenone and the 

disodium salt of 

hydroquinone

The heat-resistant properties of PEEK mean that it is used for such diverse purposes as making 
plastic kettles, the nose cones of missiles and parts of car engines.

■■ Atom economy
Addition polymerization has 100% atom economy because all the monomer ends up in the 
desired condensation polymer product. This is not the case for condensation polymerization as 
the inorganic condensation product (H2O, HCl or NH3) is lost from the polymer.

For example, consider esterification: C2H5OH + CH3COOH → C2H5OOCCH3 + H2O.  
The atom economy (to the nearest integer) = 88 × 100/106 = 83%.

Explanation of Kevlar’s strength and its solubility in concentrated  
sulfuric acid
The individual polymer chains in Kevlar are very strong and extremely stiff. The reason for this 
will become clear when we look closely at Figure 22.125, which shows how the atoms are actually 
arranged in a single molecule of Kevlar.

The molecule is essentially flat and this is mainly due to pi electron delocalization, 
which is not confined just to the benzene rings but extends over the whole length of the 
molecule. Pi electron delocalization also strengthens the covalent bonds and prevents any 
rotation about individual bonds within the chain. All these factors make the individual 
Kevlar molecules strong, stiff and rod-like. The linear polymer chains line up parallel to 
one another, forming a hydrogen-bonded sheet of molecules. This packing arrangement is 
illustrated in Figure 22.125b.

The amide groups (–CONH–) are polar and it is through them that hydrogen bonds are set 
up between the molecules. Although they are considerably weaker than covalent bonds, the 
hydrogen bonds keep the polymer chains in alignment. This arrangement imparts even greater 
strength to Kevlar.

In the Kevlar fibre itself the flat sheets of molecules stack together around the fibre 
axis. This arrangement is shown in Figure 22.127. It is the very high degree of molecular 
alignment within the fibre that is the largest contributing factor in Kevlar’s exceptional 
tensile strength. It adopts this crystalline structure because of the way the polymer is 
processed to produce the fibres.

Kevlar is insoluble in water but soluble in concentrated sulfuric acid. The solubility occurs 
because the intermolecular forces (the hydrogen bonds) are disrupted by the concentrated 
sulfuric acid. The nitrogen atoms in the amide bonds are protonated. The positively charged 
groups repel adjacent chains and are solvated by sulfate ions.

■■ Biodegradable condensation polymers
Sutures, or ‘stitches’, are used to close wounds to help them to heal. They were traditionally 
made from cat gut – natural fibres from the intestines of sheep or goats. However, cat gut is 
relatively inert and needs to be removed after normal healing of the tissues – this is a painful 
and delicate procedure. A replacement for cat gut is a condensation copolymer of glycolic acid 

■■ Figure 22.127  
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(hydroxyethanoic acid) with lactic acid (2-hydroxypropanoic acid) (Figure 22.128). Its fibres 
are strong and its hydrolysis products are totally absorbed by the body after the wound has 
healed. The sutures dissolve slowly because the pH near the wound is only slightly acidic.

Other polymers that dissolve in particular conditions have also been developed. These 
include poly(ethenol), which is used to make disposable hospital laundry bags – its 
repeating unit is shown in Figure 22.129. This polymer dissolves in hot water and so 
minimizes the amount of handling of potentially hazardous contents that hospital staff are 
involved in – the whole bag and contents can be placed in the wash. Poly(ethenol) is more 
commonly referred to as poly(vinyl alcohol) (PVOH).

■■ ■Modifying condensation polymers
The properties of addition polymers can be modified by:
■■ ■control of the various types of high-density poly(ethene) and low-density poly(ethene)
■■ ■the forms of poly(propene) that differ in their stereoregularity
■■ ■the use of plasticizers to produce different forms of poly(vinyl chloride).

In condensation polymerization, it is possible to produce different forms of a polymer by varying 
the monomer(s) used. For instance, the choice of monomer(s) can influence the properties of 
manufactured nylon, with nylon-6,6, nylon-6,10 and nylon-6 all being produced.

In a similar way to addition polymers, condensation polymers can be modified by a variety 
of means during their manufacture. For example, air can be blown into polyurethane to make 
polyurethane foam for use in cushions and thermal insulation. The fibres of polyesters can be 
blended with other manufactured polymers, or natural fibres such as cotton, for making clothes 
that are more comfortable, are durable and retain the colour from dyeing better.

Completion and descriptions of equations to show how condensation 
polymers are formed.
PHB (poly(3-hydroxybutanoate) is a biopolymer. Figure 22.130 shows the structure of the 
monomer, 3-hydroxybutanoic acid. It contains both a hydroxyl group and a carboxyl group and it 
is through these that the monomers are able to link together, as shown in Figure 22.131.

■■ Figure 22.130  
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At each reaction point a water molecule is eliminated and an ester linkage (–COO–) is formed; 
therefore PHB is both a condensation polymer and a polyester.
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However, in the laboratory cyclization occurs and this type of reaction does not produce 
molecules with a high molar mass. The methyl groups have stereochemistry and simple routes 
result in the atactic polymer, which is not a useful material. Bacteria can synthesize isotactic 
polymer chains with a molar mass in excess of 250 000.

Deduction of the structures of polyamides and polyesters from their 
respective monomers
The structure of a polyamide can be deduced from their monomers by aligning the two polymers 
so the amine group of one diamine monomer is aligned next to the carboxylic acid (or acid 
chloride) group of the dicarboxylic acid (or diacid chloride) (Figure 22.132). Water (or hydrogen 
chloride) should then be removed and an amide linkage is formed.

The structure of a polyester can be deduced from their monomers by aligning the two 
polymers so the alcohol group of one diol monomer is aligned next to the carboxylic acid (or acid 
chloride) group of the dicarboxylic acid (or diacid chloride) (Figure 22.133). Water (or hydrogen 
chloride) should then be removed and an ester linkage is formed.

38 Nylon-6,8 can 
be formed by 
the reaction of 
a diamine with 
a diol. Draw the 
structures of the 
two monomers and 
the structure of the 
repeating unit in 
nylon-6,8.

Instead of a dicarboxylic acid (diacid chloride) and a diol, the reaction may proceed with only 
one monomer that contains two functional groups, for example 5-hydroxy pentanoic acid which 
contains an alcohol and a carboxylic acid group, so it can polymerize with itself (Figure 22.134).

Name General repeating structure Example(s)

Polyesters –O–R–O–C(O)–R’–C(O)– PET, Dacron, Terylene, packaging 
film (Mylar)

Polycarbonates –O–R–O–C(O)–

Polyanhydrides –O–C(O)–R–C(O)–

Polyamides –C(O)–R–C(O)–NH–R’–NH– Nylon

Phenol-methanal polymers –N(H)–C(O)–N(H)–CH2–O– Bakelite

Polyurethanes –C(O)–O–R–O–C(O)–N(H)–R’–N(H)– Spandex or elastane (Lycra), 
polyurethane foam

Polyethers –R–O–R– PEEK

■■ Table 22.9 Summary 

of condensation 

polymers

■■ Figure 22.132 Formation of a polyamide ■■ Figure 22.133 Formation of a polyester
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■■ Summaries
Tables 22.9 and 22.10 summarize the main condensation and addition polymers.
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22.10 Environmental impact – heavy metals (AHL) –  
toxicity and carcinogenic properties of heavy metals are the result of their ability to 
form coordinated compounds, have various oxidation states and act as catalysts in the 
human body

■■ Heavy metals and their uses
Some metals are naturally found in the body and are essential to health. Iron, for example, is 
present as an essential component of hemoglobin, while zinc is a co-factor in many enzyme-
controlled reactions. Because these metals normally occur at low concentrations in the body 
they are known as trace metals. Indeed, at high levels these metals may be toxic or produce 
deficiencies in other trace metals.

Heavy metal is a rather vague term that refers to toxic metals (and their ions) with a high 
relative atomic mass such as lead, mercury and cadmium which have harmful effects on human 
health. 

Such metals have many uses: lead, nickel and cadmium are used in batteries (lead acid 
battery and Ni-cads; see Chapter 24); arsenic (a metalloid), bismuth and antimony (a metalloid) 
are often found in semiconductors; and mercury has many uses such as in thermometers, 
barometers and dental amalgams and for the collection of gases under anhydrous conditions. 
Heavy metals are commonly used as catalysts; for example, palladium and platinum are used 
as catalysts for hydrogenation. Lead has historical uses such as lead for water pipes, lead paint 
(containing lead(ii) chromate(vi) or lead(ii) carbonate) and petrol additives (tetraethyl lead(iv)).

A large proportion of heavy metals are absorbed or precipitated on to particulate matter 
in what is sometimes termed a self-purification process. However, in lakes heavy metals can 
reach dangerously high levels. Heavy metals accumulate in biological systems over time. They 
are stored in living organisms and passed along the food chain by ingestion, digestion and 
assimilation (see biomagnification in Chapter 23). The toxicity and carcinogenic properties 
of heavy metals are the result of their ability to form coordinated compounds, exist in various 
oxidation states and act as catalysts in the human body.

Toxic metals can react with enzyme-binding sites and inhibit or overstimulate these enzymes. 
Many enzymes are metallo-enzymes and contain metal ions in their active sites which can be 
displaced by heavy metals or their ions. For example, cadmium belongs to the same group as 
zinc, and due to a similar atomic radius competes with zinc during absorption in to the body. 
Lead can compete with calcium ions in the same way. When more zinc and cadmium are taken 
in the diet via contaminated water or food, the heavy metals are not eliminated and tend to 
accumulate in the liver and kidney.

Structural property Physical property Example

Chain length The longer the chain, the stronger 
the polymer

Longer polymer chains have 
higher melting point, increased 
strength and increased impact 
resistance due to increased 
London (dispersion) forces

Branching and packing structure Straight unbranched chains can 
pack more closely. A higher degree 
of branching keeps strands apart 
and weakens intermolecular forces

HDPE with no branching is more 
rigid than the more branched 
LDPE. Use of plasticizers in PVC 
to soften the polymer

Side-group on monomers Hydrogen bonding can increase 
strength, e.g. Kevlar. Atactic and 
isotactic placement can influence 
strength, e.g. polystyrene

Polystyrene

Cross-linking Extensive covalently bonded cross-
linkage increases polymer strength

Vulcanized rubber, Bakelite

■■ Table 22.10 

Summary of addition 

and condensation 

polymer physical 

properties
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High doses of transition metals can be toxic and disturb the normal oxidation–reduction balance 
in cells through various mechanisms. They can disrupt the endocrine system because they compete 
for the active sites of enzymes and cellular receptors (often proteins on cell membranes). They have 
multiple stable oxidation states so they can take part in redox reactions (electron transfer), and they 
can initiate free radical reactions in electron transfer. Their ability to form complex ions enables them 
to bind with enzymes: iron(ii) ions, for example, form a complex with hemoglobin in the blood, which 
is essential for oxygen transport. Finally, transition metals are very good heterogeneous catalysts.

■■ The Haber–Weiss reaction
The Haber–Weiss reaction generates hydroxyl radicals, •OH, from hydrogen peroxide and 
superoxide ions (•O2

−):

•O2
− + H2O2 → O2 + OH− + •OH

This reaction can naturally occur in cells and is therefore a possible source for oxidative stress: 
damage to biological tissue by radicals. The reaction is very slow, but is catalysed by iron(III) ions 
(released from toxin-injured cells). The first step of the catalytic cycle involves the reduction of 
iron(II) ions to iron(III) ions:

Fe3+ + •O2
− → Fe2+ + O2

The second step is known as the Fenton reaction:

Fe2+ + H2O2 → Fe3+ + OH− + •OH

The efficiency of the Fenton reaction depends mainly on H2O2 concentration, Fe2+/H2O2 ratio, 
pH and reaction time.

The net or overall reaction is:

•O2
− + H2O2 → •OH + OH− + O2

This reaction is named after Fritz Haber and his student Joseph Joshua Weiss (1905–1972). Fritz 
Haber is best known for fixing nitrogen (synthesizing ammonia from its elements), and he received 
the Nobel Prize in chemistry in 1918 for this work. His last paper in 1934 proposed that the reactive 
hydroxyl radical could be generated from superoxide ions and hydrogen peroxide molecules. This 
greatly increased chemists’ understanding of the role of radicals in biochemistry. However, the 
Fenton reaction is still under study, with some data suggesting the ferryl ion (FeO2+) is involved.

The highly reactive •OH radical is one of the most damaging free radicals in the body. 
It reacts with almost any molecule it encounters including macromolecules such as DNA, 
phospholipids in membranes, and enzymes.

Because it is so reactive it can be used to break down dyes and pollutants such as pesticides, 
aromatic amines, dyes, methanal and phenols and the Fenton reaction is carried out in waste-
water treatment plants. For example, benzene derivatives, which are not very reactive, can be 
oxidized to less toxic and more water-soluble phenols.

2•OH + C6H6 → C6H5OH + H2O

The •OH radical created by the Fenton reaction is the first step in many industrial processes. 
It can be used to eliminate some greenhouse gases such as methane from plant emissions, and 
to reduce odour (bad smells) from waste-water treatment sites. The highly reactive radical can 
break carbon–carbon double bonds, open up aromatic rings, abstract hydrogen atoms and even 
initiate polymerization by reacting with pi bonds.

■■ Superoxide ion
It has been estimated that as much as six per cent of the oxygen taken up by cells is transformed 
into superoxide ions, •O2

−. There is considerable evidence that when exposed to superoxide 
ions, heart mitochondria, lung tissue, synovial joint fluid and skin all show damage and loss of 
biological function. As it is charged, •O2

− is a powerful nucleophile (electron pair donor) as well 

39 Find out about the 
use of the Fenton 
reagent in organic 
chemistry.
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as a radical. In addition it is a reducing agent (being oxidized back to molecular oxygen, O2) and 
an oxidizing agent (when it is converted into H2O2) and disproportionations are possible:

2•O2
− + 2H+ → H2O2 + O2

Hydrogen peroxide is unstable because of the relatively weak O–O bond (due to repulsions 
between the lone pairs on the oxygens), and the molecule can dissociate:

H2O2 → 2OH•

or it can react with more  •O2
−:

H2O2 + •O2
− → O2 + OH− + •OH

so a whole range of harmful ions and radicals can be produced. The structure of the superoxide 
ion can be described by molecular orbital (MO) theory (Chapter 14). It can be regarded as being 
an oxygen molecule that has gained an extra electron, which enters the anti-bonding sigma 
molecular orbital (Figure 22.135).

Compare and contrast the Fenton and Haber–Weiss reaction mechanism
The Haber–Weiss reaction occurs at a slower rate than the Fenton reaction (under the same 
conditions). The Fenton reaction involves a homogeneous catalyst, the iron(iii) ions. The 
Haber–Weiss reaction does not involve catalysis. Both reactions are redox reactions occurring in 
aqueous solution and involve radicals.

■■ Chelating effects
Apart from the Fenton reaction, other methods of removing heavy metals include precipitation, 
adsorption and chelation. Chelation takes advantage of a metal’s ability to form complex ions. 
The term ‘chelate’ refers to polydentate ligands (Chapter 13). Chelating agents are used to remove 
heavy metals such as lead, arsenic and mercury from the body. Once chelated the complex ion is 
too large to enter cells but being a water-soluble ion can be excreted from the body in the urine. 

To act as ligands, chelating agents must have lone pairs of electrons that can form coordinate 
bonds to a central atom. The term ‘polydendate’ refers to their ability to form more than one 
such coordinate bond. Figure 22.136 shows that the chelating agent EDTA can form up to six 
coordinate covalent bonds with a central atom.

■■ Figure 22.135 
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Polydentate ligands such as EDTA are more effective than monodentate ligands and will replace 
them in reactions. Competition between ligands was discussed in Chapter 13; one factor influencing 
the reaction, is the increase in entropy involved. EDTA will replace the six molecules in this reaction, 
forming a large complex and releasing six smaller molecules, thus increasing the overall entropy:

EDTA4−(aq) + [Ni(H2O)6]3+(aq) → [Ni(EDTA)]2−(aq) + 6H2O(l)

The existence of a greater number of smaller molecules rather than one larger one yields more 
ways of distributing the effective energy and hence represents an increase in entropy. This is one 
reason why chelation is effective at removing metals, as the polydentate ligands replace larger 
numbers of existing ligands, usually water.

Explanation of how chelating substances can be used to remove heavy metals
Chelating agents form particular stable complex ions, partly because they form strong coordinate 
bonds to the heavy metal atom or ion. In addition there is an entropy additional effect that adds 
to the stability of the chelated complex. 

For example, a chelate is formed in which three oxalate ions are coordinated to an iron(III) 
ion. Four chemical species becomes seven after the ligand replacement so the formation of this 
chelate is accompanied by an increase in entropy:

[Fe(H2O)6]3+(aq) + 3C2O4
2−(aq) → [Fe(C2O4)3]3−(aq) + 6H2O(l)

Another way of visualizing the increase in entropy is to consider the effect after one end of the 
chelating agent has become bonded to the metal ion. Once this end is bonded, it becomes more 
likely that the other will be in the right position to form a coordinate bond (Figure 22.137).

■■ Figure 22.138 
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Deducing the number of coordinate bonds a ligand can form with a central 
metal ion
The number of coordinate bonds a ligand can form with a central metal ion can be 
established by deducing the number of lone pairs of electrons that are present in the ion or 
molecule.

For example, ethylene diamine (1,2-diaminoethane; Figure 22.138) has two lone pairs located 
on the two terminal nitrogen atoms. Hence this bidentate ligand can form two coordinate 
bonds. The oxalate ion (ethanedioate ion; Figure 22.139) has lone pairs on all four oxygens and 
hence is a tetradentate ligand and can form four coordinate bonds.

■■ Chelation therapy
Every year many young children swallow iron tablets, mistaking them for sweets. Every year 
patients undergoing repeated blood transfusion for sickle cell anemia or thalassemia experience 
iron overload which causes fits, coma and death.

Disferrioxamine is a hexadentate ligand which forms a very stable complex with iron(ii) ions. 
If excess iron pills have been swallowed then treatment will involve washing out the stomach 
with a solution of disferrioxamine. The protonated amine group, –NH3

+, at one of the molecule 
and the >C=O and N–OH groups make the complex soluble in water so it can be excreted in 
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the urine. Unfortunately, because of the amide groups, –CO–NH–, it undergoes acid hydrolysis 
and cannot be taken orally and has to be injected. Disferrioxamine is also effective in the 
treatment of workers in the nuclear industry who have ingested small amounts of plutonium.

■■ Adsorption of heavy metal ions
Another method of removing heavy metals or their ions in water is by physical adsorption on to 
a solid surface, such as activated carbon, charcoal or clays. Activated charcoal is charcoal that 
has been treated with oxygen to open up millions of tiny pores between the carbon atoms. This 
is an expensive substance and cheaper natural materials have been used such as coconut shells, 
crab shells, orange peels and sugar cane husks.

Biomass such as brewer’s yeast, algae, bacteria and fungi has also been found to be effective 
at bioadsorption of heavy metals and their ions. Ion exchangers (often based on zeolites) are 
columns which exchange heavy metals for calcium or sodium ions. The technique of reverse 
osmosis using membranes that allow water molecules but not ions can be used to remove all 
cations from water. The treated water then undergoes further purification, such as chlorination 
or ultraviolet radiation treatment.

The limited solubility of many transition metal hydroxides (Chapter 13) allows us to remove 
the transition metals from waste water by chemical precipitation. 

When the concentration of a solute exceeds its solubility at the given temperature, the excess 
solute will precipitate out of the solution. However, by careful choice of added substances, the 
solubility of the dangerous transition metal compounds can be lowered still further, to the extent 
that almost all of the heavy metal ions can be removed from the solution. In order to explain 
this effect we need to introduce a new form of the equilibrium constant (Kc) called the solubility 
product constant, Ksp.

■■ Solubility product constant, Ksp
Metal ions from group 1, including Li+, Na+ and K+, form highly soluble compounds, whereas 
the heavy metal ions form compounds of low solubility. Their salts and hydroxides precipitate 
easily and this means heavy metal ions can be removed during waste-water treatment. Many 
heavy metal hydroxides are only slightly soluble so hydroxide ions are often added to precipitate 
the metals as the concentration of hydroxide ions can be monitored by measuring the pH. 
Quicklime (solid calcium hydroxide, Ca(OH)2) or lime (solid calcium oxide, CaO) can be used 
since it is relatively cheap.

Consider a sparingly soluble salt, MX. When excess MX is placed in water, it will dissolve to 
a limited extent, a dynamic equilibrium (Chapter 7) forming between the ions in solution and 
the undissolved solid:

MX(s) ⇋ M+(aq) + X−(aq)

The equilibrium expression will look like this:

Kc = 
[M+(aq)] × [X −(aq)]

[MX(s)]
This is a heterogeneous equilibrium. The concentration of solid MX is a constant (Chapter 7) at 
a given temperature. Rearranging gives:

Kc [MX(s)] = [M+(aq)] [X −(aq)]

This new constant Kc [MX(s)] is called the solubility product constant, Ksp.

Ksp= [M+(aq)] [X−(aq)]

For the most complicated situations involving non-binary solutes, for example MyXz in the 
presence of water, these equations generalize as follows:

MyXz(s) ⇋ yMz+(aq) + zXy−(aq)

Ksp = [Mz+(aq)]y [Xy−(aq)]z

40 Find out about 
the roles of 
the peptides 
glutathione and 
metallothionein as 
natural chelating 
agents.
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Thus, consider aluminium hydroxide, Al(OH)3, in the presence of water. The equation for the 
ionic equilibrium set up is:

Al(OH)3(s) ⇋ Al3+(aq) + 3OH −(aq)

Ksp = [Al3+(aq)] [OH −(aq)] 3 = 1.0 × 10 −32

(The value is determined from experiment.) 
The solubility product constant, like other equilibrium constants, is constant at a given 

temperature. Changing the temperature changes Ksp and therefore changes the amount of 
substance that will dissolve. Some solubility product values are given in the IB Chemistry data 
booklet, section 32.

Calculations involving Ksp as an application of removing metals in solution

Calculating a solubility product from solubility data
If the solubility of a salt (i.e. the amount that must dissolve in order for the solution to become 
saturated) is known, the solubility product can be calculated. Solubilities are usually quoted in 
grams per cubic decimetre, g dm−3.

For example, the solubility of lead(ii) bromide at 298 K is 6.15 g dm−3. The molar mass of 
PbBr2 is 288 g mol−1. The solubility product equation is:

Ksp = [Pb2+(aq)] [Br −(aq)]2

The molarity of the saturated solution of lead bromide, 

PbBr2 =
 

6.15 g  dm−3

288 g  mol−1  
= 0.0214 mol dm−3

Upon dissociation the concentrations of each ion are as follows:

[Pb2+(aq)] = 0.0214 mol dm −3

[Br−(aq)] = 0.0214 × 2 = 0.0428 mol dm−3

Substituting these concentrations into the solubility product equation gives:

Ksp = [Pb2+(aq)] [Br −(aq)]2 = 0.0214 × (0.0428)2 = 3.9 × 10 −5

Calculating solubility from the solubility product
The solubility product can be used to calculate the solubility of a salt in g dm−3. The solubility 
product constant, Ksp for aluminium hydroxide, Al(OH)3, is 1.0 × 10 −32. The equation for the 
ionic equilibrium in water is:

Al(OH)3(s) ⇋ Al3+(aq) + 3OH−(aq)

And the solubility product equation is:

Ksp = [Al3+(aq)] [OH−(aq)]3

The dissociation of 1 mole of aluminium hydroxide (formula unit) produces 1 mole of aluminium 
ions and 3 moles of hydroxide ions. Setting the molarity of aluminium ions as x, the molarity of 
hydroxide ions becomes 3x. We now have:

Ksp = x × (3x)3 = 27x4

We can now substitute the value for the solubility product:

27x4 = 1.0 × 10−32

x4 = 3.7 × 10−34

x = (3.7 × 10−34)¼ = 4.4 × 10−9
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The solubility in moles of aluminium hydroxide is therefore 4.4 × 10−9 mol dm−3. The molar mass 
of Al(OH)3 is 78 g mol −1. The solubility in grams per cubic decimetre, g dm−3, can therefore be 
expressed as:

4.4 × 10 −9 mol dm −3 × 78 g mol −1 = 3.4 × 10−7 g dm−3

■■ Predicting precipitation
Phosphate(v) ions can be removed from waste water by precipitating them with aluminium or 
iron(iii) ions:

Fe3+(aq) + PO4
3−(aq) → FePO4(s)

Al3+(aq) + PO4
3−(aq) → AlPO4(s)

When sufficient metal ions are added the product of the concentration of the added metal ions 
and that of the phosphate ions already present in the waste water exceeds the solubility product, 
so the salts precipitate out of the solution. 

Solubility products can allow us to predict whether a precipitate will form. For example, 
aluminium ions are added to waste water in the form of hydrated aluminium sulfate, 
Al2(SO4)3.14H2O, commonly called ‘alum’. This can be delivered as a solid, or as a liquid ‘slurry’. 
Multiplying the concentration of aluminium ions and phosphate ions gives us the ionic product 
of these ions in solution. If the ionic product is greater than the solubility product, a precipitate 
will form.

The following worked example shows how to calculate an ionic product to predict 
precipitation.

Worked example

1 kg of solid alum is added to a tonne of waste water containing phosphate ions at a concentration of  
10−4 mol dm −3. Will a precipitate result? 

Assume the density of the waste water to be 1 g cm−3 and that there is no change in volume upon adding 
the alum. The solubility product of aluminium phosphate is 9.8 × 10−21 at 298 K. The molar mass of 
Al2(SO4)3.14H2O = 594.4 g mol−1.

The equilibrium in question is:

  AlPO4(s) ⇋ Al3+(aq) + PO4
3−(aq)

  Ksp = [Al3+(aq)] [PO4
3−(aq)]

Calculating the concentration of aluminium ions, [Al3+(aq)]:

  1 kg = 1000 g Al2(SO4)3.14H2O

= 
mass (g)

molar mass (g mol−1)
 = 

1000 g

594.4 g mol−1

= 1.7 mol

amount of Al2(SO4)3.14H2O 

1 mole of alum contains 2 moles of aluminium ions. Therefore:

amount of aluminium, Al3+ ions = 1.7 × 2 = 3.4 mol

One tonne of waste water = 1000 kg = 1000 dm3

 
=

 

3.4 mol

1000 dm3

= 3.4 × 10−3 mol dm–3
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■■ Problems with chemical precipitation methods
An example of an organic ligand present in industrial waste water is EDTA. EDTA has 
widespread uses including food preservation, cleaning and medical uses. It is commonly found in 
factory waste water.

EDTA is a chelating ligand (Chapter 13), which means that it forms multiple dative bonds 
to the metal ion. It is able to wrap around a central metal ion, using its four carboxylate groups 
and two amino acid groups to form six dative bonds to the central metal ion (it is a hexadentate 
ligand). 

At low pH the ligand exists in the deprotonated form, often called EDTA4−. In solution, 
EDTA–metal complexes exist in equilibrium with the free metal ions and the ligand:

Fe3+(aq) + EDTA4 −(aq) ⇋ [Fe(EDTA)]−(aq)

Iron(iii) ions, Fe3+, therefore become ‘locked up’ in EDTA complexes, meaning that more 
iron(iii) ions must be added in order to precipitate out the phosphate ions. Later the EDTA 
complex decomposes, releasing the heavy metal ions into the environment. 

ToK Link
What responsibility do scientists have for the impact of their endeavours on the planet?

This is an ethical issue and the view adopted by an individual and will be influenced by ethics, culture, and 
political, philosophical and religious beliefs.

However, reproduced below is the declaration on science and the use of scientific knowledge agreed by 
UNESCO:

‘We all live on the same planet and are part of the biosphere. We have come to recognize that we are in a 
situation of increasing interdependence, and that our future is intrinsically linked to the preservation of the 
global life-support systems and to the survival of all forms of life. The nations and the scientists of the world 
are called upon to acknowledge the urgency of using knowledge from all fields of science in a responsible 
manner to address human needs and aspirations without misusing this knowledge. We seek active 
collaboration across all the fields of scientific endeavour, that is the natural sciences such as the physical, 
earth and biological sciences, the biomedical and engineering sciences, and the social and human sciences. 
While the Framework for Action emphasizes the promise and the dynamism of the natural sciences but also 
their potential adverse effects, and the need to understand their impact on and relations with society, the 
commitment to science, as well as the challenges and the responsibilities set out in this Declaration, pertain 
to all fields of the sciences. All cultures can contribute scientific knowledge of universal value. The sciences 
should be at the service of humanity as a whole, and should contribute to providing everyone with a deeper 
understanding of nature and society, a better quality of life and a sustainable and healthy environment for 
present and future generations’.

www.unesco.org/science/wcs/eng/declaration_e.htm

Molarity of Al3+ in 1 tonne of waste water 

Molarity of PO4
3− in waste water = 10−4 mol dm−3

Ionic product of Al3+ and PO4
3− ions

= 3.4 × 10−3 × 10−4

= 3.4 × 10−7

This value exceeds the solubility product of aluminium phosphate, AlPO4, so a precipitate will form.



97 Examination questions

Chemistry for the IB Diploma, Second Edition © Christopher Talbot, Richard Harwood and Christopher Coates 2015

ToK Link
The production of many electronic goods is concentrated in areas of the world where the working 
conditions may not be ideal. Should there be internationally set labour standards for all workers? What 
implications would this have on the cost of consumer goods?

‘International standards’ implies a common denominator – for example, a minimum wage for all workers. 
Resistance to this idea, for example in Singapore, is related to the implications for costs of production, 
competitiveness and, ultimately, the price of consumer goods. It is essentially a question of equity: are 
governments and societies prepared to make consumers (and employers) pay to improve the conditions 
of workers and the working environment? The International Labour Organization would answer in the 
affirmative, as would the European Union, but even these organizations need to be aware of the possible 
repercussions for businesses and consumers. Reason dictates that minimum wages cannot be so high that 
costs are prohibitive to effective business and competition, and the general working environment has to be 
conducive to work and not play. Indeed, respecting humanity and perceived human rights could come at the 
price of fewer jobs; and it should not be forgotten that workers are also consumers.

It is possible that improved working conditions might incentivise workers, raise productivity and output, and 
allow employers to pass on the benefits to consumers in the form of lower prices. This begs the question 
of how people react to higher levels of appreciation, particularly if they have been used to poor working 
conditions. Any international code of labour standards will not be productive if responsibility is not exercised 
on the part of workers, and would ideally ensure a balance between the well-being of workers and the cost 
of producing goods and services. The code has to be written and exercised within the parameters of ethical 
acceptability and economic reality, and this requires a shared vision of the needs and rights of the worker, 
consumer and employer. This vision will be qualitative rather than quantitative, and therein lies the problem.

However, there are a number of meeting points; for example, it is generally agreed that slave labour is 
unethical, although the consumer would reap the benefit of lower prices, or so it could be argued. Can it 
be said that many workers, including those who produce electronic goods, are akin to slaves? They might 
not be owned by a master, but they are treated as slaves. Human dignity is the issue here, and the tension 
between dignity and efficiency becomes all too apparent. To enslave human dignity – whether people are 
aware of it or not – is to reduce the human person to the status of a machine, and for this reason alone it 
can be argued that internationally set labour standards are justified, regardless of the cost to the buying 
capacity of consumers. This argument has particular weight when the abuse of human dignity is inflicted 
on a developing country by a corporation from a developed country. Why should consumers in a developed 
economy benefit from less than satisfactory working conditions in a lower-income economy?

Examination questions – a selection
Q1 A gold single crystal has a cubic shape and the 

dimension of the cube is 1.000 cm. When irradiated 
with X-rays of wavlength 154.05 pm at the angle of 
10.89° it gives a well-defined first-order diffraction 
pattern. The molar mass of gold is 196.97 g mol−1.

a Sketch the unit cell of gold and state the 
coordination number of the atoms and the 
number of atoms to which the unit cell is 
equivalent. [3]

b Deduce the number of gold atoms present in 
the cube:
i Calculate the lattice constant of gold. Use 

Bragg’s law, nλ=2asinθ, where a is the 
lattice constant (length of the unit cell). [1]

ii Calculate the volume of the unit cell of 
gold. [1]

iii Calculate the number of unit cells 
present within 1.000 cm3 of gold. [1]

iv Calculate the number of gold atoms 
present within 1.000 cm3 of gold. [1]

c Deduce the mass of the unit cell of gold:
i Calculate the mass of one atom of gold. [1]
ii Calculate the mass of the unit cell of gold. [1]

d Calculate the density of gold. [1]
e Gold is used in nanocatalysts. Gold and some 

gold compounds are superconducting. Gold 
can be prepared by the electrolysis of solutions 
containing gold(i) or gold(iii) ions using 
platinum electrodes.
i According to Bardeen–Cooper–Schrieffer 

(BCS) theory, Cooper pairs account for 
type 1 superconductivity. Describe how 
Cooper pairs are formed and the role of 
the positive ion lattice in this. [2]

ii Outline two advantages of nanocatalysts 
over conventional catalysts. [2]

f Two electrolytic cells are connected in 
series. In cell 1 aqueous copper(ii) sulfate is 
electrolysed and during electrolysis 0.965 g 
of copper metal is plated on to the cathode. 
Deduce the mass of gold metal plated on to 
the cathode of cell 2 simultaneously if the 
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electrolyte used is aqueous gold(iii) 
sulfate. [3]

Q2 The polymer Kevlar is used to make bullet-proof 
vests and cords to reinforce the walls of car tyres. 
Part of the structure of a Kevlar molecule and 
that of a related condensation polymer molecule 
called Nomex are shown:

a Kevlar and Nomex are aromatic polyamides. 
Explain why these molecules can be 
described as aromatic. [1]

b i Draw the structural formulae of the two 
monomers from which Kevlar is made. [2]

ii Draw the structural formulae of the two 
monomers from which Nomex is made. [2]

c One reason why Kevlar is so strong is because 
of the close packing of the polymer molecules. 
State the type of bonds that operate between 
adjacent polymer chains. [1]

d Nomex has a lower tensile strength than 
Kevlar. Suggest a reason why. [2]

e Kevlar is insoluble in most solvents but 
dissolves in concentrated sulfuric acid. Explain 
how this happens. [2]

f Explain why addition polymers have higher 
atom economies than condensation polymers 
such as Kevlar. [2]

g State one characteristic of Kevlar that allows it 
to exist in a liquid crystal state. [1]

h Kevlar is used both as a raw fibre and in 
composites. Outline the meaning of the 
term composite. [2]

Q3 Different metal compounds are widely used in the 
production of stained glass windows.

a Both chromium(iii) oxide and cadmium sulfide 
are incorporated into glass. Cr2O3 is green and 
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CdS is red. Use section 8 of the IB Chemistry 
data booklet to calculate values to complete 
the table below. [2]

Compound
Chromium(iii) 
oxide Cadmium sulfide

Electronegativity 
difference

Average 
electronegativity

b Predict the bond type and percentage covalent 
character of each oxide, using section 9 of the 
IB Chemistry data booklet. [2]

Compound
Chromium(iii) 
oxide

Cadmium 
sulfide

Bond type

%covalent 
character

c Waste water from leather factories 
may contain toxic chromium(iii) ions. Its 
concentration may be estimated using 
inductively coupled plasma optical emission 
spectroscopy (ICP-OES). 50.0 cm3 of waste 
water from a leather factory was made up 
to 1.00 dm3 with distilled water and gave an 
emission intensity of 498 on an inductively 
coupled plasma spectrometer.
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 A standard aqueous solution of a chromium(iii) 
salt with a concentration of 5.00 g dm−3 
was used to prepare solutions of known 
concentration. Known volumes of the 
chromium(iii) salt solution were diluted to 
100 cm3.

Volume of standard 
chromium(iii) salt 
solution/cm3

2.0 4.0 6.0 8.0 10.0

Emission intensity/
arbitrary units

143 285 427 569 709

i Calculate the concentration of 
chromium(iii) ions in each of the 
calibration solutions. [2]

ii Plot a calibration curve with 
concentration along the x axis. [1]

iii Determine the concentration (mg dm-3) 
of the chromium(iii) ions in the sample 
solution. [1]

iv Determine the concentration (mg dm-3) of 
the chromium(iii) ions in the waste water. [1]

d The solubility product of Ksp, of silver(i) 
chromate(vi), Ag2CrO4 is 4 × 10-12 at 298 K. 
Determine its solubility (in mol dm−3) at this 
temperature. [3]

Q4 The fullerenes are a newly discovered allotropic form 
of pure carbon. They are prepared in the laboratory 
from graphite and extracted by thermal sublimation.

 Endohedral fullerenes are fullerenes that have 
additional atoms inside. Shown above is the 
interior of Sc3@C82. This consists of a C82 fullerene 
molecule enclosing three scandium atoms. 
Endohedral metallofullerenes are characterized 
by the fact that electrons will transfer from the 

metal atom to the fullerene cage. Fullerenes 
can be prepared by heating and vaporizing 
graphite in helium. They can be detected by mass 
spectrometry. The fullerenes can be separated 
from graphite in soot by heating the mixture until 
the fullerenes undergo sublimation. Nanotubes 
and graphene are two other well-studied carbon-
based nanotechnology materials.

a i Write out the detailed electron 
configuration for scandium atoms, Sc, and 
scandium(iii) ions, Sc3+. [2]

ii State and explain whether scandium and 
scandium(iii) compounds are diamagnetic or 
paramagnetic. [2]

iii Deduce the ionic formula for Sc3@C82. [1]
b i Suggest why fullerenes are prepared in an 

atmosphere of helium. [1]
ii Describe the chemical vapour deposition 

(CVD) method for the production of carbon 
nanotubes.  [2]

iii Explain why C82 is predicted to have a 
higher sublimation point higher than C60. [2]

c i State the type of hydridization of the 
carbon atoms present in carbon-60, carbon 
nanotubes and graphene. [1]

ii Explain why carbon-60 is a very poor 
electrical conductor, but graphene is a 
good electrical conductor. [2]

d Outline two possible hazards associated with 
nanotechnology. [2]

e Scandium(iii) oxide is used in the manufacture 
of electronic ceramics and glass. It can be 
reduced by carbon and hydrogen. Scandium is 
often alloyed with aluminium.
i State the two main elements present in 

glass and quartz. [1]
ii Write equations showing the reduction 

of scandium(iii) oxide by hydrogen and 
carbon. [2]

iii State two reasons why metals are  
often used as alloys rather than as pure 
metals. [2]




